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Preface

Differential geometry studies geometrical objects using analytical methods. Like mod-
ern analysis itself, differential geometry originates in classical mechanics. For instance,
geodesics and minimal surfaces are defined via variational principles and the curva-
ture of a curve is easily interpreted as the acceleration with respect to the path length
parameter.

Modern differential geometry in its turn strongly contributed to modern physics
when, for instance, at the beginning of the 20th century it was discovered by Einstein
that a gravitational field is just a pseudo-Riemannian metric on space time. The basic
equations of gravity theory were written in terms of the curvature of a metric, which
is a geometric quantity. More recently the modern theory of elementary particles was
based on gauge fields, which mathematically are connections on fiber bundles.

In this book we attempt to give an introduction to the basics of differential geometry,
keeping in mind the natural origin of many geometrical quantities, as well as the
applications of differential geometry and its methods to other sciences.

The book is divided into three parts. The first part covers the basics of curves and
surfaces, while the second part is designed as an introduction to smooth manifolds
and Riemannian geometry. In particular, in Chapter 5 we give short introductions to
hyperbolic geometry and geometrical principles of special relativity theory. Here, only
a basic knowledge of algebra, calculus and ordinary differential equations is required.

The third part is more advanced and assumes that the reader is familiar with the
first two parts of the book. It introduces the reader to Lie groups and Lie algebras, the
representation theory of groups, symplectic and Poisson geometry, and the applications
of complex analysis in surface theory. We use Lie groups as important examples
of smooth manifolds and we expose symplectic and Poisson geometry in their close
relation with mechanics and the theory of integrable systems.

This book is a translation (with minor revisions and corrections) of Jlekuuu 1o
nuddepennuansHoii reomerpun,® which is based on lecture notes’ that arose from
a one-semester course given in Novosibirsk State University, and on some advanced
minicourses.

The contents and the concise style of exposition are due to the expectation that the
book will be suitable for a full semester course at the upper undergraduate or beginning
graduate level. During the course at Novosibirsk State University we included a com-
plete treatment of Chapters 1, 2, and 5. Chapters 3 and 4 give a much more detailed
exposition of some further material which was touched upon in the course.

SLectures on Differential Geometry, 2nd ed., Moscow-Izhevsk 2006.
"Lectures on differential geometry. 1. Curves and surfaces. Novosibirsk: NSU, 1998; II. Riemannian
geometry. Novosibirsk: NSU, 1998; III. Supplement chapters. Novosibirsk: NSU, 1999.



vi Preface

Note that, unless specified to the contrary, repeated upper and lower indices imply
summation. For example

n
a};vk = Za};vk wherev € V, n = dim V.
k=1

Although this notation rarely appears in textbooks, it is widely used in scientific pub-
lications, especially in physical applications of differential geometry. It is one of the
more practical ways in which the book will be useful for students with wider interests
in such applications of differential geometry.

The Bibliography is shorter than the list that appeared in the Russian edition, which
contains many publications unavailable in English translation. Hence we have added
supplementary reading sources in English. For further bibliography we refer to [4].

Novosibirsk, February 2008 I. A. Taimanov
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Part I

Curves and surfaces






1

Theory of curves

1.1 Basic notions of the theory of curves

Let R” be the n-dimensional Euclidean space with coordinates x, ..., x". The
distance p(x, y) between points x = (x!,...,x")and y = (y',...,y") is defined
by the formula

P y) = V(X1 =y 4o (7 — ym)2,

For brevity, we denote an n-dimensional vector space over the field R also by R”,
assuming that it is always clear from the context which object is meant. We use the
notation (v, w) for the standard inner product in the vector space R”:

v, w) =viw! +-.. +v"w". (1.1)

By “smooth” we mean “differentiable as many times as required”. In all assertions,
the reader can easily reconstruct what smoothness we need or understand the word
“smooth” as “infinitely differentiable”.

By a parameterized curve in the Euclidean space R” we mean a path given by
functions of one-dimensional parameter:

y@) = (x'(@),....x"(1)).

Also, for brevity, we confine ourselves to the case when this parameter varies in an
interval [a, b] or on the whole real axis R. Accepting this definition, by a point P of
the curve y we mean the image of the point together with the value of the parameter
t €la,b]:

P =@ eR", telab).

We restrict our exposition to studying regular curves:

* acurve y is smooth if such is the map y.

» a smooth curve y is regular if the derivative of y with respect to the parameter ¢
is nonzero at all interior points of interval [a, b]:

d
d—’;(s);éo fora <s <b

and the derivative has nonzero unilateral limits at the endpoints a and b.
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For simplicity, in the definition of regular curves we exclude the possible existence
of singular points at which ‘;—’t’ =0.

It is natural to identify curves obtained by traversing the same path with different
velocities:

* regular curves
y1:[a1,b1] > R" and y,: [az,.bo] —> R
are equivalent if there is a map

¢: [a1,b1] — [az, b2]

-1

such that ¢ is invertible, the maps ¢ and ¢~ are smooth, and

y1(2) = y2(p(2)) fort € [ay, by].

We will identify equivalent curves and consider ¢ and s = ¢(¢) as different param-
eters on the same curve.

* The length of a (parameterized) curve y: [a,b] — R", where —co < a < b <

~+00, is the quantity
1 n 2
/ \/ dx (’) -+ (_dxd (t)) dr, (1.2)
t

L) = /

where y(1) = (x'(¢),...,x"(1)).
We now have the following lemma.

d)/(t)

Lemma 1.1. The length of a curve is independent of the choice of the parameter on
this curve.

Proof. Suppose that y;: [a1,b1] — R” and y»: [az, b2] — R” define the same curve
and the parameters ¢ € [a1,b1] and s € [az, b,] are connected by a monotone map
s = s(t) such that the derivative % is defined and positive everywhere. Then it follows
from the chain and substitution rules that

by b by d by
a | dt ay | ds dt o | ds | dt o | ds
Lemma 1.1 is proven. 0

We see that this definition of length satisfies the following natural requirements:
the length of two successively traversed curves equals the sum of their lengths and the
length of a line segment coincides with the distance between the endpoints.

The notion of length is connected with the notion of an arc length parameter, i.e.,
a parameter / such that the length of the part of the curve corresponding to the change
of [ from a; to by > a; is equal to (b; — ay).

We now have the following lemma.
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Lemma 1.2. (1) If! € [a, b] is an arc length parameter on the curve y : |a, b] — R",
then

'd_y 1
di

at smooth points.
(2) Each regular curve has an arc length parameter.

Proof. Assertion (1) is immediate from the definition of the length of a curve.
Lety: [a,b] — R” beacurve with a parameter ¢. Consider the differential equation

dt

dl _ ’dy
dr

Since the right-hand side is a smooth function, this equation has a unique solution
with the initial data /(a) = 0. Clearly, /(b) = L(y). Take the inverse function
t =t(l): [0,L(y)] — [a, b], and define [ as the parameter on y by the formula

yo(l) = y((1)).

It is obvious that

dyo| _ ‘ dy|dt _
dl dt|dl
Consequently, / is an arc length parameter on y. Lemma 1.2 is proven. O

1.2 Plane curves

Let y: [a,b] — R? be aregular curve on the two-dimensional plane with an arc length
parameter /. Assuming the plane to be oriented, at each point of the curve choose a
basis v, n for R2 such that

Hv = ‘;—’l’, in particular, |v| = 1 since the parameter [ is arc length;

(2) the vector n is a unit vector orthogonal to v and the basis (v, n) has positive
orientation.

These conditions determine the frames (v, n) uniquely. They are called the Frenet
frames.

Theorem 1.1. As the arc length parameter | varies along a plane curve y, the Frenet
frame changes according to the equations

()= ) () a3
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Proof. Since (v,v) = (n,n) = 1, we have

d(v,v) dv d(n,n) dn
=2(L ) =0 =24 ) =o.
dl (dz’v) dl a"

Consequently, v L % andn L 3—’;. Since (v, n) is an orthonormal basis for R2, there
are functions «(/) and B(/) such that

dv dn

Ezan, = Bv.

But (v,n) = 0 and therefore

d(v,n) (dv ) ( dn)
1] dl’n + | v, T a+p

Put k = ¢ = —f. Theorem 1.1 is proven. O

We arrive at some important notions:

* equations (1.3) are referred to as the Frenet equations (or Frenet formulas) for a
plane curve;

* the coefficient k in (1.3) is called the curvature of a (plane) curve;
« the radius of curvature of a curve is the value R = |k|~!.

Problem 1.1. If the curvature k of a plane curve y is constant and nonzero, then y is
an arc of a circle of radius R = |k|~!. If the curvature k of a plane curve y is zero
everywhere, then y is a line segment.

To solve this problem, it suffices to find solutions to equations (1.3) with constant
coefficients.
The curvature of a plane curve determines the curve up to motion of the plane R2.

Theorem 1.2. (1) Let k: [0, L] — R be a smooth function. Then there is a smooth
curve y : [0, L] — R? whose curvature equals k(I).

(2) Suppose that y;: [0,L] — R? and y,: [0,L] — R? are arc length pa-
rameterized regular curves and their curvatures coincide: ki(l) = ky(l) for all
[ € [0,L). Then there is an orientation-preserving motion ¢ : R? — R? such that

v2(l) = e(y1(D)) forall I € [0, L].

Proof. (1) Choose a positively oriented orthonormal basis (vg, 7¢) for R? and consider
a solution to equations (1.3) with the initial conditions v(0) = vg and n(0) = ng. This
is an ordinary differential equation in R* with a smooth right-hand side. Therefore, it
has a unique solution. The inner products of the vectors v and »n satisfy the system of
equations

dv,v)

d(n,n) d(v,n)
T —2k(v,n), =

2
dl k.n), =

=k(n,n)—k(v,v),
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which, being supplemented with the initial data (vg, vg) = (ng,n9) = 1 and (v, n¢) =
0, has a unique solution; note that this solution is constant. Therefore, for every value
of [ the vectors v(/) and n(/) constitute an orthonormal basis for R?. Now, define the
curve y by the formula

I
y(l):/o v(s)ds.

It is easy to note that / is an arc length parameter on the curve and v is the velocity
vector with respect to this parameter; moreover, since (v, n) is an orthonormal basis
and % = kn, k is the curvature of y.

(2) Recall that the group of orientation-preserving motions of the Euclidean space
R? is generated by translations 7, : x — r + a and rotations : R? — R? around a
fixed point.

Denote the Frenet frames of the curves y; and y, by (vq,n1) and (va, n,). Define
the motion ¢ as the composition of the translation 7, and a rotation Q: R? — R?
around the point y;(0):

¢ =Q T,: R? > R?,
where
a =y2(0) —y1(0), £v1(0) = v2(0).

The Frenet frame of ¢(y; (1)) has the form (Q2vy, Qn1). Since (v, n1) and (va, 13)
both satisfy equations (1.3) and

i Qv1 _ Q 0 0 k U1
di\Q2n;) \0 QJ\—-k 0)\n
_ 0 k Q 0 U1
- -k 0 0 Q ni
. 0 k Q’Ul
o -k 0 Ql’ll ’
(Ruq, 2n1) satisfies the same equation. Further, (2v1(0), 271(0)) = (v2(0),n,(0))

by the choice of 2. Now, uniqueness of the solution to equations (1.3) with the given
initial data gives the equality

(Qu1(l), 2n1(1)) = (v2(l), n2(1)).
It follows from the choice of the translation 7, that

1

v2(l) = y2(0) +/ v2(0) dt = @(y1(1)).
0
Theorem 1.2 is proven. O

The equation k = k(I) is called the natural equation of a plane curve. By the
previous theorem, it determines the curve up to motion of the plane.
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1.3 Curves in three-dimensional space

The curvature of a regular space curve is the value
k= ‘d 4

il 1.4
172 (1.4)

9

where [ is the arc length parameter.

If we consider a curve y([) as the trajectory of a point mass which moves along a
path with unit velocity (i.e., ‘%| = 1) then the curvature of the curve is the modulus
of the acceleration vector.

Note that, with this definition, the curvature is always nonnegative unlike the case
of plane curves.

In the case of space curves there are infinitely many ways to define the normal to a
curve. Therefore, henceforth we consider only biregular curves:

2
» aregular arc length parameterized curve y : [a, b] — R3 is biregular if % #0
everywhere;
* the normal to a biregular curve is the vector

d%y

QU

To obtain the Frenet frame of a curve in R3, we complement the vectors v = %%

and 7 to an orthonormal basis for R? with the third vector, the binormal

~|

b =[v xn].

Theorem 1.3. Let y be a biregular curve in R3. As the arc length parameter [ varies,
the Frenet frame changes according to the Frenet equations for a space curve

v 0 k O v
—\In]l=1-k 0 x nl. (1.5)
dl'\,, 0 —x o) \»

The proof is similar to that of Theorem 1.1. Since (v(l),n(l), b(l)) is an orthonor-
mal basis for each value of /, the lengths of these vectors are preserved and consequently
the derivative of each of them is orthogonal to the vector itself; therefore,

d v 0 alp di3 v
77 n)l=1ax 0 as n
b asy dsp 0 b

We are left with noting that
d(v,n) d(n,b) d(v,b)

=aip+az =0, =az+az =0,

dl dl dl

=ajz+asz =0.
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From the definition of n we obtain a1, = k and a3 = 0. Putting x = a,3, we arrive
at equations (1.5). Theorem 1.3 is proven.

The value x in (1.5) is called the forsion of the curve y. The origin of this term is
explained in the following problem.

Problem 1.2. Let k > 0 and x be constants. Then the helix y(/) = (Rcos(Al),
Rsin(Al), ul) with A = k2 + x2,a = »/A, and R = k /A? is parameterized by the
arc length, its curvature is everywhere equal to k, and its torsion is identically equal
to x.

Problem 1.3. Suppose that y(z) is a smooth curve with some (not necessarily arc
length) parameter ¢. Prove the following:
(1) If the curve y(¢) is regular, i.e., y’ # 0, then its curvature is equal to

//|

ly" <y

lv'I?
in particular, the curvature of a plane curve given by the equations y(¢) = (x(¢), y(¢))
is equal to

s

B |x//y/ _ x/y//|
- (x/2 _|_y/2)3/2

(here x, y, and z are the Euclidean coordinates in R3).
(2) The curve y(t) is biregular if and only if k& # 0.
(3) If the curve y(¢) is biregular then its torsion is equal to

_ <y
Iy > y"1I?

There is also an analog of Theorem 1.2:

Theorem 1.4. (1) Suppose thatk : [0, L] — Randx: [0, L] — R are smoothfunctions
and the function k is positive. Then there is a smooth curve y: [0, L] — R3 with
curvature k(l) and torsion x(l).

(2) Suppose that y1: [0, L] — R3 and y,: [0, L] — R? are arc length parame-
terized biregular curves and their curvatures and torsions coincide: ki(l) = ko(l)
and x1(l) = xa(l) for alll € [0, L]. Then there is an orientation-preserving motion
¢: R?® — R3 such that y»(I) = ¢(y1(1)) foralll € [0, L].

The proof of Theorem 1.4 is similar to that of Theorem 1.2.

The equations k = k(/) and x = x(l) are called the natural equations for a space
curve. It follows from Theorem 1.4 that they determine the curve up to motion of the
three-dimensional space.
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1.4 The orthogonal group

The Frenet equations (1.3) and (1.5) were derived from the fact that the inner products
of the vectors which constitute the Frenet frames are preserved. We now make a brief
digression devoted to the orthogonal group and derivation of these equations from the
general viewpoint.

A linear transformation A: R” — R” of the vector space R” is called orthogonal
if it preserves the inner product (1.1). The following lemma is obvious.

Lemma 1.3. Orthogonal transformations constitute a group with respect to the com-
position operation: A - B(v) = A(B(v)).

The group formed by all orthogonal transformations is called the orthogonal group
and is denoted by O(n).

We identify the set of linear transformations A: R" — R” with the set of (n x n)-
matrices as follows: let ey, ..., e, be an orthonormal basis for R”, then every matrix
A = (ajk)1</k<n 1s uniquely associated with the transformation acting on the basis
vectors by the formula

n
Aer = Zafk ej.
-

Lemma 1.4. A linear transformation is orthogonal if and only if its matrix A satisfies
the equation

ATA=1,, (1.6)

where AT is the transpose of the matrix A (a‘;';( = ag;) and 1, is the identity (n x n)-
matrix.

Proof. Write down the inner product (1.1) as the product of matrices (here we consider
vectors as (n x 1)-matrices):

(v,w) =v'1,w.

Then
(Av, Aw) = (Av) "1, (Aw) = v AT 1, Aw = v (AT Aw

and A is orthogonal if and only if
v (ATAw =v"1,w forallv,w e R",
which is equivalent to (1.6). Lemma 1.4 is proven. O

Considering the entries a; as coordinates in the n2-dimensional space, we identify
. . . . . 2
the space of (n x n)-matrices with the n2-dimensional Euclidean space R”". The
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orthogonal group is distinguished in this space by n(n + 1)/2 polynomial equations
(1.6):

n
Fi(art. ... .ann) =8k = Y amjame =85 =0, 1<j <k =<n. (17

m=1
Now, we recall the implicit function theorem:

The Implicit Function Theorem. Let F: U x V. — R" be a smooth map from the
direct product of domains U C R" and V. C R¥ with coordinates x and y to R™.
Suppose that F(xo, yo) = 0 and the matrix

J = (E) (1.8)
axm 1<jm=<n

is invertible at (xo, yo) € U x V. Then there is a neighborhood W C U x V of the
point (xg, o) and a neighborhood Vo C V of yo € R¥ such that

(1) smooth functions ', ..., Y™ are defined in Vy;

(2) F(x,y) = 0for (x,y) € Wifand only if x' = ¥1(y),...,x" = ¥y ().

The matrix '
(aFf (xo) )
dxm

is called the Jacobian matrix (or the Jacobian) of F at xg.

It follows from the implicit function theorem that in a neighborhood of the point
(xo0, yo) the zero set of F looks like the graph of a map Vy C R¥ — R”; therefore,
the I;coints of this set can be parameterized in a smooth fashion by points of a domain
in R*.

Theorem 1.5. Let M be a set of points in R"*. Then the following conditions are
equivalent:

(1) In a sufficiently small neighborhood of each point, M is the graph of a smooth

map
xl — wl(xn-i-l, o ,xn-i-k)’
: (1.9)
X" = wn(xn-i-l’ o, xn+k)
(with an appropriate numbering of the coordinates x", ..., x"5).

(2) In a sufficiently small neighborhood of each point, M is the zero set of a smooth
map F: W C R"t5 — R such that the matrix (1.8) is invertible in this neigh-
borhood (with an appropriate numbering of the coordinates x', ..., x" k).
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Proof. 1t follows from the implicit function theorem that condition (2) implies con-

dition (1). The converse is also valid: define F by the formulas F!(x) = x! —
Yroaent o xRy FM(x) = x" =yt (x" T x"TK). Theorem 1.5 is
proven. O

A subset M which satisfies either of two equivalent conditions from Theorem 1.5
is called a k-dimensional smooth submanifold (without boundary) in Rtk

z

z= f(x,y)

Figure 1.1. The graph of a function of two variables.

Example. A sphere of dimension #n is given in R”*! by the equation
(x1)2 NI ()Cn+1)2 =1.
It cannot be defined globally as the graph of a function of n variables.

Suppose that, in a neighborhood of a point x € M, the submanifold M is defined
as the graph of a map (1.9). Then y' = x"*! ... y*¥ = x"*k determine local
coordinates in a neighborhood of x and the function f on M is called smooth at x if
it is smooth as a function of the local coordinates: f = f(y',..., y¥). Similarly, we
introduce the notion of smoothness for other objects on submanifolds, in particular, for
vector fields.

Let M be a k-dimensional submanifold in R”** and take x € M. Consider the
set of all smooth curves on M passing through x and lying in its neighborhood given
by (1.9). With each curve y we associate its velocity vector at x: v = %, where
y(¢9) = x. Such vectors constitute the tangent space Txy M of M at x.

Lemma 1.5. Let M be a k-dimensional submanifold in R"*¥. Then the tangent space
at every point of M is a k-dimensional vector space.

Proof. Every curve y on M passing through x, is the lifting of a curve yo : [a, b] — R¥
by means of (1.9). Therefore, the velocity vector ‘fi—’z’ has the form

dy _ B(M) _ (\p*(@), (@))
dt dt dt dt
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where W, is the differential of the map ¥ = (¥'!, ..., ¥") of the form (1.9). The linear
map B has full rank k and therefore is an isomorphism onto its image: it establishes
an isomorphism between the vector spaces R¥ and T M. Lemma 1.5 is proven.  [J

There is also another equivalent definition of the tangent space:

Problem 1.4. If a submanifold M C R"** is defined in a neighborhood W of a point
X € M as the zero set of a map F: W — R”, then the tangent space of M at x
coincides with the kernel of the linear map

F —F
F*: [Rn+k - [Rn, F*(U) — llrr(l) (X + SU) (X)
E—>

Important examples of smooth submanifolds are the orthogonal groups O(n):

Theorem 1.6. The orthogonal group O(n) is an @-dimensional smooth submani-
fold of the n?-dimensional Euclidean space constituted by (n x n)-matrices. Moreover,
the tangent space T10(n) at the identity of the group consists of all antisymmetric ma-
trices.

Proof. Theidentity transformation given by the identity (n xn)-matrix 1, is the identity
of the group O(n). In a neighborhood of 1,, € O(n) divide the variables a into two
groups: x corresponds to j < k and y corresponds to j > k. Consider the map

F: R — Rro+D/2

given by (1.7). We can easily verify that the following equalities hold at 1, € R"* for
j <k,r<s:

2 forj=randk =s,
=41 forj =randk =s with j # k,

0 otherwise.

Consequently, the matrix (gf—;) is invertible in a neighborhood of 1,, € R"*. Since

O(n) is defined by the equations F = 0, by the implicit function theorem, O(n) is a
smooth submanifold in a neighborhood of 1,,.

If A € O(n) then define the map Fy4 by the formula F4(X) = F(X - A™1). Since
O(n) is a group, O(n) is also defined by the equations F4 = 0. It follows from the
definition of F4 that the rank of the Jacobian matrix of F4 at A coincides with the rank
of the Jacobian matrix of F at 1, and therefore is equal to w Hence, we conclude
that O(n) is a smooth submanifold in a neighborhood of every point.

The dimension of the submanifold O(n) equals n? — @ = @
Let y be a smooth curve in O(n) passing through 1,,. We can assume that

y(e) = 1, + Xe + 0(?),



14 Chapter 1. Theory of curves

where X € T70 is a tangent matrix. It follows from (1.6) that
y© 7)) = (I + (X7 + X)e + 0(?) = 1.
Hence, X is an antisymmetric matrix:
XT+Xx=o0.

Since the dimension of the space of antisymmetric matrices coincides with the dimen-
sion of O(n), the tangent space of O(n) at the identity coincides with the space of
antisymmetric matrices. Theorem 1.6 is proven. O

Now, we return to the Frenet equations. Denote by R(/) the Frenet frame corre-
sponding to the parameter / on a curve y. The passage from R(0) to R(!) is given by
an orthogonal transformation A(/), since all these frames are orthonormal. It means
that we have a smooth curve A(/) in O(n) and the columns of A(/) determine the
decompositions of the vectors of R(/) in the basis R(0). The Frenet equation has the

form
dA(l) Al +e)- AT D) -1,
—— = lim

~ = lim - LA() = B()- A,

where the matrix B(/) is antisymmetric, since it is a tangent vector at the identity of
the group O(n).

Problem 1.5. Prove that for every (n x n)-matrix A the series

1, r
epr=1n+A+5A +---+;A 4o

converges. (Hint: the series for the exponential function exp || A|| of the norm con-
verges.)

Problem 1.6. Let A be an antisymmetric (n X n)-matrix. Then y(t) = exp(At) is a
smooth curve in O(n).



2

Theory of surfaces

2.1 Metrics on regular surfaces

A regular surface in R3 is a two-dimensional smooth submanifold in R3.

Using the implicit function theorem, we can make this definition more specific.
A set of points ¥ C R3 is called a regular surface if one of the following conditions is
satisfied:

(1) In a sufficiently small neighborhood of each point, it represents the zero set of
a smooth function F(x!, x2, x3) such that

oF
— #0
dx3 7
in this neighborhood with an appropriate numbering of the coordinates.
(2) In a sufficiently small neighborhood of each point, it is the graph of a smooth

map
2=yt x?)

with an appropriate numbering of the coordinates.
(3) In a sufficiently small neighborhood of each point, it is the range of a smooth
map
r:UcCR— R

where U is a domain in the (u!, u?)-plane; moreover, the vectors r; = dr/ du! and
ro = Or/du? are linearly independent at all points of this domain.

Lemma 2.1. Definitions (1)—(3) of a regular surface are equivalent.

Proof. The equivalence of definitions (1) and (2) was already established in §1.4 in
the most general form, i.e., for smooth submanifolds in R”. To prove the lemma, it
suffices to establish equivalence of definitions (2) and (3).

It is obvious that (2) implies (3): it suffices to consider the map r (u',u?) =
(u', u?, ¥ (u',u?)). To prove that (3) implies (2), apply the following consequence of
the implicit function theorem:

The Inverse Function Theorem. Suppose that F: U C R" — R" is a smooth map
of a domain in R" to R" and the Jacobian matrix of this map is invertible at a point

xo € U: )
J
det (_3F ) £0.
axk J1<jk<n
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Then, in some neighborhood V of F(xo), a smoothmap G : V — R" is defined which
is the inverse of F: G - F(x) = x in the domain G(V) C U.

To prove this theorem, it suffices to apply the inverse function theorem to the map
U: U x R" — R” of the form W(x, y) = y — F(x).
Now, show that (3) implies (2). Take x € X. Without loss of generality we may

assume that the matrix
ax'/oul  ax'/ou?
ax2/ou'  dx?/ou?

at x is invertible and therefore, by the inverse function theorem, in a neighborhood of
x the parameters u! and u? are expressed uniquely as functions of x! and x2: the map
', u?) — (x'(u',u?), x2(u',u?)) is invertible. Now, note that, in a neighborhood
of x, the surface is the graph of the smooth map

x3 = 3@ (x!, x2), u?(x!, x?)).
Lemma 2.1 is proven. O

Although all three definitions are equivalent, henceforth we use the third one, since
it introduces the notion of local coordinates (ul, uz) e U cC R?,ie., quantities which
determine coordinates on the surface near each point.

This definition is convenient in consideration of curves on a surface. In this case
there is no need to define a curve in R? and then impose the analytic conditions which
would guarantee that it lies on the surface; on the contrary it suffices to define a curve

y:la,b] = U C R?

as a smooth map into a domain U. If a curve does not lie in a neighborhood with the
same local coordinates, then it is given as a family of maps to such domains. These
maps are glued in the overlapping domains described by different local coordinates
so that the curve and its velocity vectors (which are different in different coordinate
systems) are defined correctly. Definition of this gluing requires introduction of tensors;
therefore, we postpone it until §3.3, restricting our consideration until then to parts of
surfaces covered by one coordinate system.

Theorem 2.1. Let a smooth map r: U — R3 define a regular surface ¥ with local
coordinates (u',u?) € U. Then

(1) at each point r (u', u?), the vectors vy and r, determine a basis for the tangent
plane of ¥;

(2) the length of a regular curve y: [a, b] — U on the surface is equal to

b
L(y) = [ JIG .y,
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ton =0t ) (5 6) ()

is the symmetric bilinear form on the vector space R* depending on the point of the
surface and defined by the formulas

=(r1,r1), F=(ri,r2), G=(r2,r2),

(', 1?) is the velocity vector in local coordinates.

where

andy—‘filt'—

Proof. Assertion (1) follows from the definition of the tangent space. Assertion (2) is
derived from (1.2). Indeed, by definition,

L) = / \/ d(r - y)’d(r y)) "
dt

and, by straightforward calculations, we obtain

(d(Zl'y)’ d(rd'w) = (rii! +r20® it o) = E@')? +2Fu'u® + G (%),
t t

Theorem 2.1 is proven. O

By Theorem 2.1, the tangent space at each point possesses the inner product defined
by the first fundamental form I (v, w). For each pair of vectors v and w it determines
the angle ¢, ,, between them, and for every vector v, its length |v|:

I(v,w
v = VI(v,v), cos@yy = |(|| |) forv #£ 0 and w # 0.
v||w
The following definition of the area of a part of a surface, as well as the definition
of the length, is quite natural, additive, and coincides with the usual definition for plane
surfaces:

» if V C U, then the area of r (V) C X is equal to

/ VEG — F2du' du?®.
1%

2.2 Curvature of a curve on a surface

Denote by n(u',u?) the normal to a regular surface at a point r (', u?) such that
(r1,r2,n) is a positively-oriented frame for R3. It can be found explicitly by the
formula

[r1 X ra]

B [[r1 xr2]|'
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9%r

Denote by r i the vector ST ouk -

Let
r
yila,b] > U Cc R? > R3

be a regular curve with parameter ¢ and let / be the arc length parameter on y. By (1.4),

d2(r -y)
—az "k

where k is the curvature of the curve and n,, is the normal to y. Also, from the proof
of Lemma 1.2 we know that % d = |d(r NO| = [Ty, ).

Theorem 2.2. The curvature of a curve y on a surface satisfies the equation

(y.y)

I(y.y)’

where 0 is the angle between the normal n,, to y and the normal n to the surface and
the form Il is defined as

(v, w) = (v! UZ)O(AZ %)(i;),

L= (ry1,n), M = (ri2,n), N = (ryp,n).

k cosO =k(n,n,) =

where

Proof. By straightforward computations, we obtain

d*(r-y)

FIE =kn,

d L dt ,dt
dl riu dl—i—l‘zu E

2
= (ri ()2 + 2r0tu? + rpp (12 + rpiit + r2ﬁ2)(%)

2

+ (riut + rzuz)dl2

and, since r; and r, are orthogonal to n, we derive

k(n,ny) = ((r11.m)@")? 4 2(riz.n)u'i® + (ra2.n)(0%)? )(;’Z;)

We are left with noting that (%)2 = (%)_2 = I(y,y)~'. Theorem 2.2 is proven.
O
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The form II (v, w) is called the second fundamental form of the surface.

Suppose that v is a tangent vector to a surface at a point r (', u?) and n is the normal
vector to the surface at the same point. Consider the two-dimensional plane passing
through the point (1!, u?) and spanned by the vectors n and v. The intersection of
this plane and the surface is the curve y,,1 ,,2 ,, called the normal section corresponding
to the point r (1!, u?) and the tangent vector v. From Theorem 2.2 we obtain

Corollary 2.1. The curvature of the normal section y,1 ,2 ,, is equal to
II (v, v)
I(v,v)’

where the plus sign is taken if the normals to the surface and to the normal section
coincide, and the minus sign, otherwise.

k==

Problem 2.1. Suppose that a surface is given as the graph of a function:

xt=ul, x?=u? x3=f(u1,u2).

Then the first fundamental form is calculated as follows:
E:1+f127 F:flfz’ G:1+f22»

the normal to the surface is given by the formula

n=————L———GJL—ﬁJL

\/1+f12+f22

and the second fundamental form is calculated as follows:

i fia S22
L+ f2+ f2 L+ f2+ 17 L+ i+
where f;, ..., denote the derivatives P o j?k];u i

Problem 2.2. Given a function f(x), construct the surface of revolution (obtained by
revolution of the graph of this function around the O x-axis):
r(u,v) = (u, f(u)cosv, f(u)sinv).
Show that the first fundamental form of this surface is calculated as follows:
E=1+f"7 F=0 G=f2
the normal to the surface is given by the formula

1 )
n=———(f',cosv,sinv),

N

and the second fundamental form is calculated as follows:

"
S A VR R

L=-
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2.3 Gaussian curvature

II (v,v)

T0.0) is called the normal curvature of the surface in the direction v.

The ratio

Lemma 2.2. Suppose that two symmetric bilinear forms I and Il are given on the
vector space R"™ and the form I is positive definite. Then there is a basis eq, . . . , e, for
R™ in which these forms become

I(v,w) = viw! + -+ 0" w", (v, w) = Avtw! + - 4 40" w"
(i.e., the form I is given by the identity matrix and the form II is diagonal).

The proof of this lemma, known from a linear algebra course, is simple. Consider
the form I as an inner product on R” and, using the Gram—Schmidt orthogonalization,
find an orthonormal basis for R”. Now, consider II as a symmetric bilinear form on R”
with the inner product I. It is well known that every symmetric form becomes diagonal
in some orthonormal basis. Lemma 2.2 is proven.

Now, denote by 7, X the tangent plane of a surface X at a point x. Suppose that
the fundamental forms I and II are given on 7 X. Apply Lemma 2.2 in this situation
to obtain the following result:

Lemma 2.3. There is a basis ey, e, for Ty X in which both forms I and II are diagonal:
I(v,w) =viw! + v2w?,
(v, w) = kiv'w! + kv?w?.
The directions of the vectors e and e, are called the principal directions and they are
determined uniquely if k; # k,. The values k; and k; of the normal curvatures along
the principal directions are called the principal curvatures. They are the extremal

values for the normal curvatures at the given point, which is a consequence of the
following (now obvious) assertion.

Theorem 2.3 (Euler’s formula).

I (v,v)
I(v,v)

= ky cos? ¢ + kysin” ¢,

where @ is the angle between the vectors ey and v.

The principal curvatures are independent of the choice of the basis for the tangent
space and are invariants of the pair of fundamental forms I and II:

Lemma 2.4. Suppose that the fundamental forms of a surface are determined by
symmetric (2 x 2)-matrices I and II. Then the principal curvatures k1 and ko are the

roots of the equation
PA) =det(Il —AI) = 0.
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Proof. Assume that in a basis e, e, a quadratic form J is given by a symmetric matrix
denoted by the same letter J,

Jw,w) = (v v?)-J- (w;) ,

w

and the coordinates 0 in a new basis €;, €, are connected with the coordinates in the
former basis by the relation v = A9. Then

~1
_ (a1 A2\ 4T . . cw _ TN
Jw,w)= (' 9?)-A4"-J-A (@2) J (0, ).

Hence, in the latter basis the fundamental form J is given by the matrix A JA.
We know that, in some basis, the principal curvatures k; and k, are the roots of the
equation
det(Il — AI) = 0.
But since

det(ATITA—XAATIA) =det AT -det A -det(Il — A1)

anddet AT = det A # 0, in every other basis the corresponding equation has the same
roots. Lemma 2.4 is proven. O

It follows from Lemma 2.4 that the product and the sum of the principal curvatures
at a point of a surface are geometric invariants:

* the product of the principal curvatures at a point is called the Gaussian curvature
of the surface at this point:

detll. LN —-M
detI EG — F?’

K=k ky, =

* the half-sum of the principal curvatures at a point is called the mean curvature
of the surface at this point:
ki + ks
R

Problem 2.3. Under the conditions of Problem 2.1, the Gaussian curvature has the

form
_ S11fa2 — f122
(I + f2+ D>

Problem 2.4. For a surface of revolution (see Problem 2.2) the principal curvatures
have the form f
1

! S

H =

- (1+ f2)3/2°
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the Gaussian curvature is equal to

-
Fa+ 72y

and the mean curvature is equal to

_1+f/2_f "
BRI

Problem 2.5. The Gaussian curvature of a hyperbolic paraboloid z = xy is negative
everywhere and is equal to

1
T (a2 422

The Gaussian curvature of the round sphere x2 + y? + z2 = R? of radius R is
everywhere positive and is equal to K = R™2.

Problem 2.5 explains the geometric meaning of the sign of the Gaussian curvature:

(a) Let K > 0 at x € X. Then a small neighborhood of x lies to one side from the
tangent plane 7T, M. Indeed, the plane Tx M separates the space into two half-spaces
and the normals of all normal sections are directed to the same half-space; the surface
looks like a “cap” near the point x.

(b) Let K < 0 at x € X. Then the curvatures of two normal sections are zero
(the tangent directions of these sections are called asymprotic), and the normals of the
sections corresponding to the principal curvatures are directed to different half-spaces
with respect to the plane 7 M ; the surface looks like a “saddle” near x.

Figure 2.1. A cap and a saddle.

2.4 Derivational equations and Bonnet’s theorem

An analog of the Frenet formulas for surfaces is the equations which describe the
deformation of the basis ry, r», r along the surface. The deformation of the vectors ry
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3%r

and r5 is described by the Gauss equations which express the vectors rj; = S

in terms of the basis vectors:
rin =}ry + T ra + bun,
ri2 =Tlr1 + Thrs + bion, 2.1
roo = Thory + T3,rp + byon.

The symbols I'J’: « are called the Christoffel symbols; moreover, it is easy to note that
bji are the coefficients of the second fundamental form:

L=bi1, M=bia=0by, N =bsn.

Before starting to derive the equations for the deformation of the vector n we make
two agreements.

(1) If some index appears twice in a formula, once as a superscript and once as a
subscript, then summation is assumed over this index:

ajbj = Zajbj.
J

(2) We denote the inverse of the matrix to a;; by ak?, assuming by definition that

- . 1 ifi =k,
alaj =8 =1 "
0 ifi #k.
Since (r,n) = 1, we have (r;,n) = 0, and consequently the vector n; = aaT"j is
expressed as a linear combination of the vectors r; and r,. Now, we derive
a(n,rj)
o = (mer)) + (1) = 0. 22)

Introduce the coefficients ai so that
ng =airy +agry, = ajr;
and denote by g;x = (r;, ri) the coefficients of the first fundamental form:

E=gn, F=gn2=g1 G=gn.

Rewrite (2.2) as

1 2 1 2
a; g1 +aigiz = —bi1, a g2 +ajgn = —bia,

1 2 1 2
a)gi1 +as812 = —ba1,  a,g12 +a582 = —ba.
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The resulting equations split into two systems of equations in a}, a? and a}, a3 which

can be written as the system

ai'gjm = —bij.
Since the matrix gy is invertible and symmetric, it has the symmetric inverse matrix
g’% = g% Multiply both sides of this system by g/ and sum the result over the
repeated index j. Eventually, we obtain the solution to the system:

~bijg’* = al'gjmg’" = '8, = af.
We have thus proven the following theorem:
Theorem 2.4 (The Weingarten equations).
n; = —bj; gjk rg.

These equations, together with the Gauss equations, constitute a complete set of
derivational equations. As with the Frenet equations, we can write them in the form

P ri r
— | r2] = Aj ra 1,
ou’ n
where
F111 F121 bi
Ay = ry, ry, b,
—bijg/t —bi;g’* 0
lel F%l b2
Ay = T, I3, bxn

and the Christoffel symbols are symmetric in the subscripts: I'; k= 1","c T Unlike the
Frenet equations, in this case nontrivial compatibility conditions arise:

9 o (M 3 o (M
WW’Z:WW”’

which are equivalent to the system of equations

d d
ERa e

called the Gauss—Codazzi equations.
Another dependence between the values in (2.1) and the first fundamental form is
expressed by the following formulas and is a consequence of the Gauss equations.

Ay = A1, — A2 A,
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Theorem 2.5. . . 5 .
Tk = = lk( g &t _ g"-f). (2.3)
A ou/  dut  Jul
Proof. By (2.1), we have
dgij  O(ri,ry) I !
k= ouk Uix 81y + Tig gi-

Hence,

0gj1 , 0gi1 _ 08ij

— m
du! ou/  oul 215 &mi-

J

which implies that

1 0g; 0g; 0gij
Ik m _ sk pm _ pk _ _ k[ 98il &l &ij
g gmlrij_gmrij_rij_zg (auj—l-aui—aul).

Theorem 2.5 is proven. O
Now, we can state analogs of Theorems 1.2 and 1.4 for surfaces.

Theorem 2.6 (Bonnet’s theorem). Suppose that

811 812 cehbyy b1z
and
g21(= g12) 822 ba1(=b12) b2
are smooth fundamental forms in a domain U homeomorphic to the interior of a disk';
moreover, the first form is positive definite and the coefficients of these forms satisfy
the Gauss—Codazzi equations.

Then there is a unique (up to motion) surface in R® for which these forms are the
first and the second fundamental forms.

Proof. We will only sketch the proof, indicating the principal difference from the
proofs of Theorems 1.2 and 1.4, namely the necessity of validity of the compatibility
conditions (the Gauss—Codazzi equations).

Take ug = (u},u3) € U. Choose vectors ao, bo, and ¢o such that

(ao,a0) = g11(uo), (@o0,bo) = g12(u0), (bo,bo) = g22(uo),

(@0, co) = (bo.co) =0, (co.co) =1

as the initial data for the Gauss—Weingarten equations:

ri(ug) = ag, ra(ug) = bo, n(ug) = co.

'As we will see from the proof, the only essential condition is the property that the domain is simply
connected (the definition of a simply connected domain is given in $3.4): to construct the surface by
integration of the form dr = rydx + r,dy, it is required that the integral of a closed 1-form along a
curve depend only on the endpoints of the curve.
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Since the coefficients of the forms satisfy the Gauss—Codazzi equations, the Gauss—
Weingarten equations constructed for these forms are compatible and have a unique
solution a, b, ¢ with the given initial data at u.

Since aau—"2 = £4_b1 and the domain U is homeomorphic to the interior of a disk, the
following equality holds for every closed smooth curve y in the domain U without

self-intersections and every j = 1,2, 3:
/(ajdu1 + b/ du?) =0, (2.4)
Y

where @ = (a',a?,a) and b = (b',b?,b3). Indeed, the contour y bounds some
domain V € U and, by the Stokes formula,

/(afdu1+bfdu2)=/ (3ﬂ_3“_’)dulAdu2.
¥ v \oul ou?

da _ 3 _
= w2 dul T
Now, it is easy to construct amap r: U — R3 such that

But the right-hand side of this equality vanishes, since

a=r;, b=r,.

To this end, map the point u € U to the point (0,0,0) € R3. Join every point u € U
with the point uo by some smooth curve y in the domain U and define the point r (1)
by the following formula:

r(u) = /(adu1 + b du?).
v

It follows from (2.4) that this map is independent of the choice of y.

u r(w) = [,(adu' +bdu?)

up (0,0,0)

Figure 2.2. The map r.

As in the proof of Theorem 1.4, by simple calculations we prove that the first and
second fundamental forms of this surface coincide with the given forms.

Uniqueness of the surface up to motion of R? is proven by analogy with the case of
a plane curve as in Theorem 1.2. These arguments are simple and therefore omitted.

Theorem 2.6 is proven. O
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Problem 2.6. Suppose that the first fundamental form is diagonal:

gu =Au'u?), g2=0, gn=pu'u?.
Then the Christoffel symbols have the form

1o 19 p_ Lo 1
o gul” 2700 0u2” 227 21 0ul’
5 1 dA 5 1 o 5 1 o

= ———F, F = ——, = — .
1 24 0u? 127 2 dul 227 2 du?

Problem 2.7. Prove that for a surface of revolution (see Problem 2.2) the Christoffel
symbols have the form

f/f// > f/ 1
Fl = F = —, F =
11 1+ /72 12 I3 22

where (u!,u?) := (u,v).

I

REwE I, =T} =T =0,

2.5 The Gauss theorem

Gauss proved that the Gaussian curvature is determined only by the first fundamental
form. This follows from a formula derived by him and which is included in the system
of the Gauss—Codazzi equations.

Theorem 2.7 (The Gauss theorem).
_ bubn—b2,

811822 —gfz

gz 1 g 1 g
-~ (k. _rkr! L L )
211822 — €1, (( 2 nl22)8k + Julou?  20u?0u? 2 oulou!

Proof. It follows from (2.1) that

K

(r11,722) — (r12,r12) = b11bay — b, + F{CI Féz gkl — Ffzrfz gki-

But ) ) )
0°g12 1 9%gn 1 9%gm
oulou? 2 0u?0u? 2 duloul

(ri1,r22) = (ri2, r12) =
which is a consequence of the relation
g 0%(ri.r))

ouk du! ouk ou!

To complete the proof, we only need to compare the expressions for (ryy,rz;) —
(r12,r12). Theorem 2.7 is proven. O

= (rig.rj1) + (rig rji) + (i vjg) + (Figs. rj).
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Theorems 2.5 and 2.7 yield

Corollary 2.2. The Gaussian curvature is expressed in terms of the coefficients of the
first fundamental form and their first and second derivatives.

Regular surfaces r: U — R3 and #: U — R3 are isometric if for every regular
curve y: [a,b] — U the lengths of the curves r(y) and r(y) coincide. This is equiv-
alent to the fact that the values of the first fundamental forms at all points coincide:

(ri,rj) = (Fi, Fj).
Now, we can restate Corollary 2.2 as follows:

Corollary 2.3. If two surfaces v : U — R3 and 7 : U — R3 are isometric, then their
Gaussian curvatures at the respective points r (u',u?) and ¥ (u', u?) coincide.

Problem 2.8. Prove that the Gaussian curvature of the cone x? 4 y? = z2 at a point
(x,y,z) # (0,0,0) is zero.

2.6 Covariant derivative and geodesics

Suppose that r: U — R3 determines a regular surface, y: [a,b] — U is a regular
curve on the surface, and v is a smooth vector field along the curve y such that

(1) for each ¢ € [a, b] the vector v(¢) lies in the tangent space of the surface at the
point y(¢);

(2) the vectors v(¢) depend smoothly on ¢.

Decompose the vector field v(¢) in the bases for the tangent planes:

v(r) = ' (O)ri (1)
The derivative of the vector field along the curve has the form
l' . t . .
V= er- + v = Wri + v’itfr,-j,

where y = (u',1?). Decompose the right-hand side of the last equality into two
summands one of which is tangent to the surface and the other is orthogonal:

. dv'
v:(dvtrl+rkv y rl)—i-v]ukbkn

The covariant derivative Vv of the vector field v along the curve y is the orthogonal
projection of the derivative of v along the curve to the tangent plane of the surface:

Do _ (i,
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Now, suppose that the vector field v is given in a domain on the surface rather than on
a curve only. Then we can consider the covariant derivatives of the field along various
curves and the formula for the covariant derivative of the field v in the direction of a
vector w takes the form

vl o\ &
Vv = | — Lot Jwtr;,
w ( Tk +T j P i
where w is a tangent vector to the surface. This operation possesses a series of remark-
able properties.

Lemma 2.5. (1) The map (w,v) — Vv is linear in v and w:
Veywi +arwsV = 01 Vip, U 4 02V, v,
Vw(o1vy + aav3) = 01 Vyvy + aa Vv, g, 02 € R.
Q) If f: U — R is a smooth function, then
Viwv = fVyv, Vy fo=0y,fv+ fVyv,

where 0y, [ is the derivative of f in the direction of w:

3) Vpri =T
k k
@Iy =15
(5) The derivative of the inner product of vector fields is calculated by the formula
dw (v1,v2) = (Vyv1,v2) + (v1, Vyu2).

Proof. Assertions (1)—(3) are immediate from the definition of the covariant derivative.
Assertion (4) follows from the definition of the Christoffel symbols given above and
Theorem 2.5.

Assertion (5) is proven by straight calculations:

Doy ((ri,rj)viv3)
0 o
k
=w W((ri,rj)v’lvg)
i J vl o
= Wik 1) + (i) vz + wk(’i"”j)(a:llc'vé + vllazi)

k P k vl vl
K (T ) + T2 G, P00+ 0 (ri,rj)(#v; mﬁ)
avg

! , j . .
= wk(au—,‘c + F;,,kv’l")(’i, rj)vy + w (a_k + kav;”)(n»"j)vi
u

m

= (Vypv1,v2) 4+ (v1, Vyva). O
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Taking the projection to the tangent plane in the definition of the covariant derivative
leads to consideration of the intrinsic geometry of the surface; i.e., we forget about the
ambient space and construct the whole geometry from the first fundamental form only.
The Gauss theorem is fundamental in the following sense: the Gaussian curvature
(unlike the second fundamental form) is an object of the intrinsic geometry.

If a bilinear operation on vector fields on a submanifold of the Euclidean space
is such that the assertions (1) and (2) of Lemma 2.5 hold, then we say that an affine
connectionis given on the submanifold. The connection is determined by the values I‘l-kj .
The connection constructed above satisfies two additional conditions: it is symmetric;
i.e., the assertion (4) of Lemma 2.5 holds and compatible with the metric; i.e., the
assertion (5) of Lemma 2.5 holds. We give the following fact:?

* a symmetric affine connection compatible with the metric is unique and is deter-
mined by the first fundamental form g;; according to (2.3).

The notion of covariant derivative leads to the notion of parallel translation: a
vector field v(z) along a curve y is parallel if the covariant derivative of v along y is
everywhere zero:

Dv dvi . .
— = — + T vigk|ri =0. 2.5
at ( d[ + ijv u )rl ( )
Now, by analogy with the Euclidean plane, define an analog of a straight line: a curve

y is called a geodesic if its velocity vector is parallel along the curve:

Dy
-0
dt

Lemma 2.6. (1) The geodesics are the curves satisfying the equation
i’ + Tha/u* =0. (2.6)

(2) If y(t) is a geodesic and C € R, then the curve yc(t) = y(Ct) is a geodesic,
too.

(3) A smooth curve y on a surface ¥ C R is a geodesic if and only if, at each point
of the curve, the normal to the curve is orthogonal to the surface (i.e., is collinear with
the normal of the surface).

The proof of Lemma 2.6 is carried out by elementary calculations. Now we point
out one important consequence of the theorem on existence and uniqueness of a solution
of an ordinary differential equation.

Lemma 2.7. Suppose that xg is a point on a regular surface X, vy is a tangent vector
to X at xg, and y is a curve passing through xo: y(0) = xo. Then
(1) there is a unique parallel vector field v(t) along y such that v(0) = vo,

2Its generalization for all dimensions is given by Theorem 4.1.
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(2) for every sufficiently small ¢ > 0, there is a unique geodesic y: [—¢e,&] — X
such that

y(0) = xo, 7(0) = vo.

Proof. (1) Since (2.5) is a first-order ordinary differential equation with smooth co-
efficients, for arbitrary initial data, i.e., for every value of v at zero: v(0) = vy, this
equation has a unique solution.

(2) Equation (2.6) is a first-order ordinary differential equation on the set of pairs
of the form (x, v), where x € M and v € T, X. In a neighborhood of x¢ such a pair is
parameterized by points (u',u?, v!,v?) € R*: x = r(u',u?) and v = v'lry + v2r;.
Equation (2.6) takes the form

w =0, o= —Fj’:k(ul,uz) vjvk, i=1,2.
Now, assertion (2), like assertion (1), follows from the theorem on existence and unique-
ness of a solution to an ordinary differential equation.

Lemma 2.7 is proven. O

The space constituted by the pairs (x, v), where x € ¥ and v € Ty %, is called the
tangent bundle and is denoted by T X.

Lemma 2.8. Let ¥ be a two-dimensional submanifold in R3. Then T'Y is a four-
dimensional submanifold in RS.

Proof. Take (xg,v9) € TX. We can assume that in a neighborhood of x¢ the surface &
is given by the equation F(x) = 0 and ( oOF OF  OF ) # 0. Without loss of generality

axT’ 3x2° 3x3
we may assume that (,?x—Fl # 0 in this neighborhood. Then, in a neighborhood of

Xo, Vo), the tangent space, as a submanifold in R, is determined by the equations
g p y q

> OF
F(x,v) =0, G(x,v)zzﬁvj=0
‘— Jx

Jj=1

(see §1.4, Problem 1.4). Now, the lemma follows from the implicit function theorem,
since the determinant of the matrix

OF/ox! aF/ov'\ _ (0F/ox! 0
aG/ax! aG/aw') T\« aF/ax!

is zero in a neighborhood of (x¢, vg). Lemma 2.8 is proven. O

In view of Lemma 2.7, a flow or a dynamical system is given on T X; i.e., a system
of ordinary differential equations

X =v(x),
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where v(x) is a vector field (it is always supposed to be smooth) on the space which
is called the phase space. This space foliates into the trajectories of this system or the
integral curves of the vector field v.

A first integral of a flow is a function on the phase space which is constant along
the trajectories. Let us indicate an almost obvious first integral of the geodesic flow.

Lemma 2.9. If y is a geodesic then
d
—(y,y)=0.
2 7-7)

Proof. 1t follows from the assertion (5) of Lemma 2.5 that

L= (203)+(.2) (20
dr Y otV V-ar? alV)

But from the definition of geodesics we obtain lg_t;’/ = 0. Lemma 2.9 is proven. O

Problem 2.9. Suppose that a function f(x) determines a surface of revolution (see
Problems 2.2 and 2.7). The parallels are intersections of the surface with planes or-
thogonal to the axis of revolution (they are given by the equations ¥ = const). Denote
by « the angle between the velocity vector of the geodesic and the parallel. Denote
by R(x) the distance from x € X to the axis of revolution. Prove that the function
I = Rcosa is a first integral of the geodesic flow on the surface of revolution.?

2.7 The Euler-Lagrange equations

Suppose that the surface X is given by a map
r:U—R?
and
L:TY —-R

is a smooth function on the tangent bundle. Denote by u' and u? coordinates in the
domain U C R? and consider them as coordinates on the surface.
Choose two points x, y € X and consider the set A = Ay, of all parameterized
smooth curves
yila,b] - X

with beginning x and end y:

y(@) =x, yb)=y.

3The function 7 is called the Clairaut integral.
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The action functional

b
S:A—->R, S = / L(y@),y(t))dt

is defined on A.

Many problems of mechanics and physics reduce to finding a point in a certain
infinite-dimensional functional space A which minimizes the action functional S cor-
responding to the problem. A more general problem is the problem of description of
extremal points of the functional S. Let us explain what it means in our case.

A smooth variation of a curve y is a one-parameter family of curves y, (y¢(t) =
y(t, &)) such that

(1) y: [a,b] x (—&p,80) — X is a smooth function of both ¢ € [a,b] and ¢ €
(—€0. €0);

(2) y(a,e) = x and y(b,e) = y forall ¢ € (—&y, €9);

(3) y(t,0) = y(¢) forall ¢ € [a, b].

A variation field W(t) is a vector field along y of the form

ay(t,e)
de

W(t) =

s=0'

A variation field is a natural analog of a tangent vector to A at y € A.
A curve y € A is called an extremal function (extremal) of the functional S if

dS(ye)

=0
de

e=0

for every smooth variation y, of the curve y. Obviously, if y minimizes the functional S,
then the curve y is an extremal of the functional S. The converse is not true: as in the
case of functions on a finite-dimensional space not each extremum is a minimum.

Theorem 2.8. [fa curve y is an extremal of S, then the following equations hold along
this curve:

AL d IL

out  dt ot @7

Proof. Suppose that y is an extremal, y.(t) = (u'(z,¢),u?(t, €)) is its variation, and
W(t) is the corresponding variation field. Then

dS(ye)

e dt

_ [P dL(y(1.8),7(.8))
=0 _L

de e=0

_ /”(aL(m),y'(z)) M 1,0) | BLGO). ) azul‘(nﬂ))d,.
a ou! oe ol de Ot
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Integrate the last expression by parts, using the fact that

Wiy = 2200 _ oy = M09 2.8)
0e de
‘We obtain .
dS(ye) / ( oL d dL ) i
de le=o0 a \Oul dt ol ® 29)

Since every smooth vector field W () along y, satisfying (2.8), is obviously a variation
field for some smooth variation, equation (2.9) implies equations (2.7). Theorem 2.8
is proven. 0

Equations (2.7) are called the Euler—Lagrange equations for the variational problem
with the Lagrangian function L(x, X).
An example of the Euler-Lagrange equations is the geodesic equations (2.6).

Theorem 2.9. If L(u,1t) = |1t|*> = g;u'u/, then the Euler-Lagrange equations for
this Lagrangian are the geodesic equations (2.6).

Proof. Write down the Euler-Lagrange equations:

OL _ gk ;i OL

du o a2t
d (0L 0gij ..k dgii  0gik \. -
Z 2=} =8y o1l = ij i Tk 420017,
dz(aui) ok U T 28 guk o )1 T8N

The Euler—Lagrange equations take the form

Lo, 1 (0gi; 08k 0gjk \.j.k
il 2 j ik _ 98jk \yigk = o,
8 2(8uk + ou’ ou!

or

. 1 i 8g" ag'k 8g~k ik
m mi i i J J —
u +—g (8 k —+ P 7 — p ; w’u" =0.

Inserting the expression (2.3) for the Christoffel symbols in the last formula, we obtain
the geodesic equation ,
i™ 4+ T/ % = 0.

Theorem 2.9 is proven. (]

Consider the variational problem for the Lagrangian

Lo(u,1t) = | = [ giju'u/.

The corresponding action functional is the length of the curve. The Lagrangian is not
differentiable at the points where 1 = 0. But the value S is independent of the choice
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of parameterization on the curve: it is the same for equivalent curves (see Lemma 1.1:
we restrict our consideration to regular curves, but it is easy to show that this constraint
is unessential in this case). Therefore, if a curve is an extremal of the length functional,
then the equivalent curve with the parameter proportional to the arc length parameter
(J2| = const) is an extremal of the length functional, too.

Theorem 2.10. The extremals of the length functional coincide with the geodesics up
to equivalence.

Proof. The Euler-Lagrange equations for the length functional take the form

1 dgi . d 1 y
Eik ik = L ——==gijit’ ). (2.10)
g Lym

—U' U = — -
2/ gimuitum v’ dt \ v gimu

The parameter on the geodesic is proportional to the arc length parameter (see
Lemma 2.9). Putting Zimtt! ™ = const # 0 in (2.10), we obtain the geodesic equa-
tions (2.6) and conclude that the geodesics are extremals of the length functional.

We can assume that on each extremal of the length functional the parameter is
proportional to the arc length parameter. An extremal with this parameter is described
by equations (2.6) and hence is a geodesic.

Theorem 2.10 is proven. O

We introduce the distance between points of a surface as follows:
d(x,y)= inf L(y).
YE€Ax,y

It follows from Theorem 2.10 that if there is a curve in Ay , with length d(x, y),
then it is a geodesic (up to parametrization). We restrict our consideration to the
following local fact:

Theorem 2.11. Let y be a geodesic passing through a point xo. There is a neighbor-
hood of x¢ on y such that, for an arbitrary pair x1 and x; in this neighborhood, the
shortest curve connecting the points x| and x; is a segment of the geodesic y.

Proof. First prove the following technical lemma:

Lemma 2.10. Let x¢ be a point on the surface and let y be a geodesic passing
through xo. Then, in a neighborhood of xo, we can choose coordinates u' and u?
such that the first fundamental form takes the shape

@ =(o o)

and the equation for y becomes u?> = 0. With these coordinates the curves u
are geodesics.

2 = const
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Proof. Choose coordinates y! and y? in a neighborhood of x so that xo = (0, 0) and
the tangent vector to y at x¢ is equal to (1, 0).

Through each point with coordinates (0, s) draw a geodesic with the initial velocity
vector (1,0). Then there is a function ¢ in a neighborhood of xo such that these
geodesics are given by the equations y2 = ¢(y',s). Since the initial data for the
geodesics depend smoothly on s, ¢ is a smooth function. Consider the map (y!,s) —
(»', y%2 = ¢(y',s)). Its Jacobian matrix at xq is equal to

()

and, by the inverse function theorem, it is invertible near the point xy. Consequently,
y! and s determine local coordinates in a neighborhood of x¢ and the curves s = const
are geodesics.

At each point of this neighborhood of xy, take a tangent vector w(y?, s) orthogonal
tothe curve s = constand suchthat (w, w) = 1and (w, rs) > 0. A small neighborhood
of the point x( foliates into the trajectories of the smooth vector field w, i.e., the
solutions to the equation X = w(x). Introduce the coordinate ¢ instead of y!, by
putting x = (¢, s) if the point x lies on the trajectory of the flow X = w(x) which
intersects the curve s = 0 at (¢, 0). The first fundamental form in the coordinates (z, s)
isequal to g11 = A, g22 =, g12 = 0.

Each curve s = const is a geodesic and consequently I'?, = 0. Hence, dA/ds = 0
(see Problem 2.6) and the coordinates

t
u1=/ VA()ydr, u*=s
0

are those we seek. Lemma 2.10 is proven. O

We turn to proving Theorem 2.11. In a neighborhood of x¢ introduce the coordinate
system (u',u?) connected with xo and y as in Lemma 2.10. We can assume that
xo = (0,0). Choose ¢ > 0 such that the disk B = {|u| < &} lies completely in this
neighborhood. Let C = minyep G(x) and D = min{l, C}.

If x; and x; lie in the disk By = {|u| < pe}, where p = D/(D + 2), then

(1) Ju' (x1) —u' (x2)| < 2pe;

(2) every smooth curve connecting x; and x, and leaving the disk B at some moment
has a length greater than 4p¢;

(3) the length of a smooth curve connecting x; and x, and lying completely in B
is equal to

f¢(u1)2+6(u2>2dz z[ﬂul)z > () — u (). @11

But the equality in (2.11) is attained precisely at the segment yg.
Theorem 2.11 is proven. O
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L(yo) < L(y)

Figure 2.3. The shortest path in the semigeodesic coordinates.

Lemma 2.10 claims that in a neighborhood of every point there are special coordi-
nates convenient for calculations. They are called the semigeodesic coordinates. We
now give a rigorous definition.

Coordinates (u', u?) = (x, y) are called semigeodesic if the first fundamental form
has the shape

gijduiduj = dx* + Gdy>.
Problem 2.10. Prove that, in semigeodesic coordinates (x, y), every curve of the form
y = const is a geodesic.

Example (Spherical coordinates). Define the spherical coordinates r, , ¢ in R3 by
the formulas
x! = rcos¢sinf, x? = rsin @ sin 6, x3 =rcosh,
where r > 0,0 < 6 < m,and 0 < ¢ < 2x. For each fixed value r = const # 0 the
values ¢ and 6 are coordinates on the sphere of radius r. The metric tensor is equal to
ds?> = dr? + r?d6? + r?*sin” 0dp?.
Therefore, for every value of r, the coordinates (x,y) = (r6, ¢) are semigeodesic
coordinates and the great circles ¢ = const are geodesics on the sphere of radius r.
Problem 2.11. Prove that the Gaussian curvature of a surface with semigeodesic co-
ordinates (x, y) is equal to
1 #VG6

- JG ox2
Problem 2.12. Prove that if the Gaussian curvature K of a surface is constant and
K # 0, then there exist semigeodesic coordinates (x, y) in which the first fundamental
form has the shape

1 0
(o sinZ(Rx)) for K >0,

1 0
(0 sinhz(«/jx)) for K <0.
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2.8 The Gauss—-Bonnet formula

Geodesics represent a natural generalization of straight lines to the case of arbitrary
surfaces (straight lines are geodesics on the plane: in this case Fj’. ¢ = 0 in the linear

coordinates and the geodesic equations become linear: i’ = 0,i = 1,2). The deviation
of an arbitrary curve from a geodesic is described by the analog of the curvature of a
plane curve, namely the geodesic curvature. We now give its definition.

Lety: [a,b] — U C R? be a naturally parameterized curve on a surface r: U —
R3. Choose an orientation in the tangent planes to the surface, assuming that the basis
(r1,r2) is positively oriented. At each point y (/) of the curve choose an orthonormal,
positively oriented basis (y,n) for the tangent space. The geodesic curvature is the
value

kg = (Vyy.n),
i.e., the immediate analog of the curvature of a plane curve (see (1.3)). It follows from
Lemma 2.6 that a smooth curve is a geodesic if and only if its geodesic curvature is
everywhere zero.

Let W be a small neighborhood of a point of a surface with semigeodesic coordinates
(x,y) := (u',u?)andlety = y; U---Uy, be a piecewise smooth closed contour (i.e.,
a family of successively traversed regular curves: the endpoint of y; coincides with the
starting point of y;1; moreover, put y,+1 = y1). We suppose that the contour y has
no self-intersections and bounds a domain V' C W.

Denote by «; the internal (with respect to V') angle between y; and y;41 at a
common endpoint and by do the area form on the surface

do = V811822 —gfzdx Ady.

Theorem 2.12 (The Gauss—Bonnet formula).

/kgdl =271—Z(71—aj)—/ K do. (2.12)
Y j=1 14

Proof. In semigeodesic coordinates (x, y) := (u', u?) the first fundamental form has
the shape

dx? + Gdy?,
and the Christoffel symbols are equal to (see Problem 2.6)
1 1 1
lez = _EGm 1ﬂ122 = EG% I‘222 = EG%

with the other Christoffel symbols equal to zero. The normal to the curve is taken with
respect to the first fundamental form and is calculated explicitly

1

\/E(_G)}rl + er)

n=
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(recall that the dot denotes differentiation with respect to the arc length parameter /:
|y| = 1). Now, insert these expressions in the formula for the geodesic curvature to
obtain

i I I
ke = VG( =83 + 15+ S6u)” + £GaiS + 52Gyy?).

Since |y|?> = %2 + Gy? = 1, we have

d Y 1 1
77 arctan («/Ey) = «/6(—55)'/ + X7+ =G X%y + —nyyz),

X 2G 2G
Gy 1 1
2 .2 X _ - .3 . 2.
(VG)ry = (32 + Gy )2¢6 - «/G(sz + 56 0xk y).

Hence,

kg dl = d arctan (@) + (VG ydl.
X
From the Stokes formula we obtain

/y(«/E)xy‘dz :/y(ﬁ)x dy :/V(ﬁ)xx dx A dy

and, using the formula for the Gaussian curvature in semigeodesic coordinates (see
Problem 2.11), we derive

/(«/E)xy' dl = —/VKdo.
Y

Figure 2.4. A polygon, the angles «; and ¢ in the Gauss—Bonnet formula.

Now, note that the angle

b
is equal to the angle ¢ between y and r; (up to ). If the contour y is smooth, then

/d(p =2,
y

arctan ( \/Ey )
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while if the successive parts y; meet at nonzero angles, then it is easy to note that

n

/dgo =2n —Z(n —aj).
y

j=1
Theorem 2.12 is proven. O

Show that the Gauss—Bonnet formula is also valid for large domains V' homeomor-
phic to a disk. First of all define the notion of simplicial partition.

Let V be either a closed domain (the closure of an open set) on the plane with
piecewise smooth boundary or a compact surface in R3. A simplicial partition* of the
surface V is its representation in the form of a finite union of triangles

v=_]J¢
J

such that

(1) the interior of each triangle §; is a domain in V' and the closure of this domain
is homeomorphic to a triangle;

(2) three vertices are selected on the boundary of each triangle and the parts of the
boundary between them are called edges;

(3) two different triangles can intersect only along one common side or at one
common vertex, and two different sides can intersect only at one common vertex.

Figure 2.5. A simplicial partition.

If the boundaries of the triangles are piecewise smooth contours, then the partition
is called piecewise smooth.

Let A be a simplicial partition of a closed domain V. Denote by @ the number of
vertices, by a; the number of edges, and by a, the number of faces (triangles). The
quantity

X(A)=a¢g—a; +az

is called the Euler characteristic of the partition.

“For an exposition of the topological theory of simplicial complexes of an arbitrary dimension see [2],
111, and [6].
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Theorem 2.13. Ifa closed domain V' is homeomorphic to a disk on the plane, then the
Euler characteristic of every simplicial partition of V equals 1.

Proof. We proceed by induction on a,. For a, = 1 the assertion is obvious. Assume
that it is valid for a, < k.

Take an arbitrary partition A of the closed domain V' with a, = k + 1. Choose a
triangle §; whose side y* lies on the boundary. Delete the side y* and the interior of §;
from V, thereby obtaining a new closed domain V' with the partition A \ §;. One of
the following two situations is possible:

(1) the closed domain V"’ is homeomorphic to a disk;

(2) the closed domain V’ is homeomorphic to the union of two closed domains V;
and V, with partitions A; and A, and these domains intersect at a common vertex.

0 /2N
by

Figure 2.6. “Two different situations”.

In the first case we obviously have y(A) = y(A’) = 1. In the second case
x(A) = x(A) = x(A) + x(Az) =1 = L.
Theorem 2.13 is proven. O

We now prove the Gauss—Bonnet formula for large domains.

Theorem 2.14. IfV is a closed domain on a surface which is homeomorphic to a disk
and has a piecewise smooth boundary, then the Gauss—Bonnet formula (2.12) is valid
for it.

Proof. Choose a piecewise smooth simplicial partition of the domain V' into small
triangles 8y each of which lies in a domain with semigeodesic coordinates. Denote by
¢o the number of vertices lying on the boundary dV of the domain V' and by c; the
number of sides lying on the boundary V. Since the boundary dV is homeomorphic
to acircle, cg = 3.

Write down (2.12) for each triangle §; and sum them. Since the integrals of the
geodesic curvature kg along the interior edges are taken twice with different signs, the
sum of the left-hand sides is equal to fy kg dl, where y = 0V is the boundary of V.
On the right-hand side we obtain

2mwa; —3mwas 4+ 2w (ag — co) + Zaj — / K do,
, 14
J
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where o are the angles between the smooth parts of the boundary V. It is obvious that
3a, = 2a; — c¢1 and we find that

/kgdl =27m2—2na1+ncl+2n(a0—co)+2aj—/ K do.
Y j 14

Since co = ¢y, from Theorem 2.13 we obtain
/kg dl =2n(ay —a; +ao)—Z(n—oej)—/ K do
14 j Vv

=271—Z(71—aj)—/ K do.
, 14

J

Theorem 2.14 is proven. O

The Gauss—Bonnet formula has a series of beautiful consequences.

First, we can apply it to closed surfaces in R?, i.e., to compact surfaces without
boundary. A surface is called orientable if we can choose an orientation in the tangent
space at each point so that it changes continuously as the point moves over the surface.
The simplest examples of such surfaces are a torus and a sphere. Now, delete g disks
from a sphere to obtain a sphere with g holes. Take g tori with the interior of a disk
deleted and glue each of these tori to the sphere with holes, identifying the boundaries
of the contours. We obtain a sphere with g handles. It is well known that

* each closed orientable surface has the structure of a sphere with handles.’

Figure 2.7. A construction of a sphere with handles.

Once an orientation on the surface is chosen, the surface is called oriented and we
can take surface integrals over it, in particular, the integrals of K do.

>This means that it is homeomorphic to a sphere with handles (a strict definition of a homeomorphism is
given below in §6). A proof of this fact can be found, for example, in [6], [4].
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Theorem 2.15. Let X be a closed oriented surface in R3. Then the following equality
holds for every simplicial partition A of X:

/ Kdo =2mx(A).
by

Proof. Every simplicial partition can be slightly deformed so that it becomes piecewise
smooth (this follows from the Weierstrass theorem on approximation of a continuous
function by polynomials). Moreover, the numbers of vertices, sides, and (faces) trian-
gles remain the same.

Suppose that A is a piecewise smooth simplicial partition and apply the Gauss—
Bonnet formula (Theorem 2.14) to each triangle in A. Sum these formulas. Since the
integrals of kg along the sides are taken twice with different signs, the left-hand side
is zero. The right-hand side is equal to

2mwas — 3mway + 2mwag — / K do,
b

but 3a, = 2ay, since all edges are interior. Eventually, we conclude that

2y (A) =/2Kd(r.

Theorem 2.15 is proven. O

Corollary 2.4. Foraclosed orientable surface X the Euler characteristic of a simplicial
partition is independent of the partition and is determined only by the surface. It is
called the Euler characteristic x(X) of the surface X.

Problem 2.13. Prove that the Euler characteristic of a sphere with g handles is equal
to 2 — 2g and, in particular, the Euler characteristics of a sphere and a torus are equal
to 2 and 0, respectively.

Another remarkable application of the Gauss—Bonnet formula is the formula for
the sum of the angles of a triangle. A domain which is homeomorphic to the interior of
a triangle and is bounded by three segments of geodesics is called a geodesic triangle.

Theorem 2.16. The sum of the angles a1, ap, and as of a geodesic triangle A on a
surface is equal to

a1+a2+a3:n+/ K do.
A

The proof of the theorem is immediate from the Gauss—Bonnet formula, since the
geodesic curvature of the sides of a geodesic triangle is everywhere zero. It follows
from the theorem that if the Gaussian curvature K is positive (negative) then the sums
of the angles of triangles are greater (less) than 7.
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a1 +ar2 a3 >7

Figure 2.8. A geodesic triangle and the sum of its angles (on a sphere).

2.9 Minimal surfaces

Minimal surfaces generalize geodesics to two dimensions.
On an oriented surface we can define the area form

do = \/det(gi;) du' A du® = \/g11822 — g2, du' A du?,

where the frame e;, e, corresponding to the coordinates u! and u? in each tangent
space is positively oriented.

We say that a one-parameter family of surfaces X, is a smooth deformation of a
surface X if

(1) Xo = %

(2) the surfaces X are given by functions which depend smoothly on the deforma-
tion parameter &.

We say that a closed domain V' C X is the support of the deformation if the part of
the surface lying outside V' does not deform.

1A

Figure 2.9. A deformation of a surface and its support.

If the support V' of the deformation is compact, then the area S(¢) of the deformed
part V; is finite and is a smooth function of the parameter €. A surface is minimal if

d
%S(S) oo =0
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for every deformation with compact support V.

This notion has a rather clear origin: if y is a closed contour in R3 and there is a
surface ¥ bounded by y which has the least area among all surfaces bounded by the
contour y, then this surface ¥ is minimal.®

In the case of geodesics we consider one-dimensional objects, i.e., curves, which
minimize the one-dimensional volume, the length, among all curves bounded by a pair
of points. As in the case of geodesics, a minimal surface bounded by a contour y may
fail to provide a minimum of the area functional: it only satisfies the Euler—Lagrange
equations for this functional. We now derive them.

Theorem 2.17. A regular surface ¥ given by a map r: U — R3 is minimal if and
only if its mean curvature is everywhere zero:

H=0.

Proof. LetV beaclosed subdomainin U and let y be the boundary of V. A deformation
of the surface concentrated on V' has the form

rél,u?) = r(u', u?) + eon + 0(&%),

where the function ¢ is zero outside V. The area of the deformed part of the surface
ré(V) isequal to

S(e) = / \/(rf,rf)(rg,rj) —(r{,r5)(ri,rs) du'du?®.
v

Since
rp = ry +epng + epgn + 0(s?)

and (rq,n) = (rp,n) = 0, we derive
(rf,rf) = (ri,r) + eo((ri,nj) + (rj,m) + O(?).

It follows from (2.2) that (r;, n;) = —b;; and hence

b b —-b —-b
Se) :/ 1 =260 11822 + baagu1 1225’21 21812 0(e2) do
14 811822 — 812

b b —b —-b
— 5(0)— 8/ 11822 + baog11 1225’21 21812
14 811822 — 812

pdo + O(&?).

SPlateau’s famous problem was to prove existence of a minimal surface with an arbitrary piecewise
smooth boundary in R3; its study had a great influence on the development of the theory of partial differential
equations. Its final solution was obtained by Douglas and Rado in the 1930s by means of variational methods:
a minimal surface was obtained as an extremal of another functional, the Dirichlet functional.
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It is easy to see that the sum of the roots k; and k, of the equation P(A) = det(b;; —
Agij) = 0isequal to

_ b11g22 + b22g11 — b12821 — b21812

ki + ks 5
811822 — 81>

By Lemma 2.4, this is exactly the doubled mean curvature of the surface: 2H =
ki1 + ks.
Eventually, we obtain

d
%5(8)

= —2/ Hodo.
e=0 14

This value vanishes for all deformations supported in V, i.e., for arbitrary smooth
functions ¢ equal to zero outside the closed domain V, if and only if H = 0 at each
interior point of V.

Theorem 2.17 is proven. O

Problem 2.14. Prove that

(1) the surfaces of revolution (see Problem 6) obtained by revolution of the graphs
of the functions f(x) = acosh(x/a + b), where a # 0, are minimal surfaces (they
are called catenoids);

(2) if a surface of revolution is minimal, then it is either a catenoid or a plane
obtained by revolution of a straight line orthogonal to the axis of revolution.
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Smooth manifolds

3.1 Topological spaces

A topological space is a set X of points with a collection of so-called open subsets.
This collection satisfies the following conditions:

(1) the union of arbitrarily many open sets is open;
(2) the intersection of finitely many open sets is open;
(3) the whole set X and its empty subset are open.

The complement to an open set is called a closed set.

The family of open sets is called the base (of topology) if every open set is rep-
resentable as the union of sets of this family. Sometimes, it is simpler to define a
topology (the structure of a topological space) on a set X by taking only the additive
generators, i.e., the topology base, rather than prescribing all open sets. For example,
we can define the topology on metric spaces.

A metric on a set X is a function

p: X xX —>R
such that the following conditions are satisfied:

(D plx,y) = p(y,x);

(2) p(x,x) =0and p(x,y) > 0forx # y;

3) p(x,z) < p(x,y) + p(y, z) (the triangle inequality).
A metric space is a set X with ametric p and the topology defined by the base constituted
by all open balls By, = {y € X | p(x,y) < &}, where x € X and ¢ > 0.

Another way to introduce the topology is to induce it. Namely, each subset Y C X
of a topological space X is endowed with the subspace (or induced ) topology in which
aset V C Y is open if and only if it is representable as the intersection V =U NY,
where U is an open set in X. Later, unless the contrary is specified, by the topology
on subsets of topological spaces we always mean the induced topology.

Once a topology is given, we can define the proximity relation between points:

* aneighborhood of a point x € X is an open set U containing x: x € U;
and continuity of maps from X to ¥:

e amap f: X — Y of topological spaces is continuous at a point x € X if for
every neighborhood V of the point f(x) there is a neighborhood U of x such
that f(U) C V;
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e amap f: X — Y of topological spaces is continuous if one of the following
equivalent conditions holds:
(a) the map f is continuous at each point of X;
(b) for every open set V C Y its inverse image f~'(V) C X is open.

Problem 3.1. Prove equivalence of conditions (a) and (b) in the definition of a contin-
uous map.

A continuous map f: X — R is called a continuous function.
For maps of metric spaces, the notion of continuity generalizes the notion of a
continuous function on an interval.

Problem 3.2. A map f: X — Y of metric spaces X and Y is continuous at a point
x € X if and only if, for every ¢ > 0, there is § > 0 such that if px (x, x") < &, then

py (f(x), f(x) <e.
Let

p(x,y) =

Z(xi — yi)2

i=1

be the distance between points x = (x!,...,x")and y = (y!,...,y") in the Eu-
clidean space R”. Then the metric topology on R” is the usual topology known from
a calculus course.

We introduce some classes of topological spaces:

* a space X is a Hausdorff space if, for every pair of different points x,y € X,
there are disjoint neighborhoods U and V of x and y: x € U, y € V and
unv =g,

* aspace X is connected if it cannot be represented as the union of two nonempty
subsets each of which is open and closed simultaneously;

* a space X is path-connected if every pair of different points x, y € X can be
joined by a continuous curve; i.e., there is a continuous map f : [0, 1] — X such

that f(0) = x and f(1) = y.
Let X be a topological space and let {Uy }4ec4 be a family of its subsets indexed by
elements of a set A such that the union of U, coincides with X:

X:UW

€A

In this case the family {Uy,} is called a covering of X. If {Ug}gep is a subfamily
(i.e., B C A) which is a covering of X, then it is called a subcovering of the covering
{Uy}aeca. If all sets Uy are open, then the covering is called open. The following
notion is very important in topology and analysis:
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» a space X is compact if from every open covering of X we can extract a finite
subcovering.

Examples of compact spaces are intervals [a,b] C R, —oco < a,b < oo (the
Heine—Borel lemma).

Problem 3.3. A subset X of the Euclidean space R” is compact if and only if it is
closed in R” and bounded (is contained completely in a finite cube {|x| < N} for some
N < 00).

Problem 34. If f: X — Y is a continuous map and X is compact, then its image
f(X) is compact.

From the assertions of Problems 3.3 and 3.4 we obtain the following property:

Problem 3.5. If f: X — R is a continuous function and X is a compact space, then
[ attains its maximum and minimum values: there exist points Xy, Xmax € X such
that f(xmin) < f(x) < f(xmax) forall x € X.

The above-listed properties (the Hausdorff property, connectedness, path connect-
edness, compactness) are topological invariants; i.e., they remain the same for spaces
which cannot be distinguished as topological spaces without any additional structure.
Formally, this notion of identity can be worded as follows.

» The spaces X and Y are homeomorphic if there exist continuous maps f: X — Y
and g: Y — X which are inverse to each other: gf : X — X and fg: ¥ - Y
are the identity maps of X and Y. Such maps f and g are called homeomor-
phisms.

* A property is topologically invariant if the fact that it holds for a space X implies
that it also holds for every space Y which is homeomorphic to X.

3.2 Smooth manifolds and maps

A topological n-dimensional manifold is a Hausdorff space M such that each point
of M has a neighborhood homeomorphic to a domain in R”.

An open covering {U, } of a manifold M such that, for each element U,, there is a
homeomorphism ¢, between U, and a domain W, in R":

Qo Wo — Uy,

is called an atlas. Each homeomorphism ¢, determines local coordinates in the domain
Uy called the chart. Namely, if x = (x',...,x") € R” then the local coordinates
xolt, ..., xy of a point ¢4 (x) are x!, ..., x". In the intersection of coordinate domains
U, and Upg the local coordinates are connected by the transition maps:
i _ pri 1 n
X, = O(ﬂ(xﬁ, . ,xﬂ),

where fyg = <pa(p51.
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Figure 3.1. Overlapping charts.

We say that a topological manifold is endowed with a smooth structure of class
C* if it has an atlas in which all transition maps are k times continuously differen-
tiable. A manifold with such covering is called C* smooth' (or differentiable), and
the corresponding local coordinates are called smooth. Henceforth for simplicity by
smoothness we mean C *° smoothness.

The maps f,g are invertible, since their composition fyg fg is the identity map.
Consequently, their Jacobian determinants are nonzero everywhere:

; i ofB q ax’, 20
et —— | =det| —
8xé 3xé

Example. Recall that the sphere of dimension 7 is the smooth submanifold in R”*!
given by the equation
(xl)Z N (xn+l)2 =1.

Construct its atlas with two charts. Let Py be the “north” pole; i.e., the point with
coordinates (0,...,0, 1), and let Ps be the “south pole” (0,...,0,—1). On the com-
plement to each pole define the projection from the given pole to the plane x"*! = 0:
we join the pole and the point on the sphere by a straight line. The projection of the
given point is the intersection of this straight line with the plane x" ™1 = 0. These
projections are the sought maps ¢ and @s:

1 n
ON: UN = S2 \ PN, (pN(Xl,...,Xn+1) = (1_§n+1""’ 1_§n+l)
(the projection from the north pole),
1 n
s : US = Sz \ PS? (pS(xlv o ’xn+1) = (1+);n+1 5oty 1+);Cn+l)

(the projection from the south pole). The charts Uy and Ug overlap over the domain
S2\ {Px, Ps} and the formulas for the transition map from Uy to Us has the form

n

1
Sonet X = (B ) R = @24+ (612

(we leave the derivation of this formula as an exercise).

'Tt is known that even in dimension 7 = 4 there are compact topological manifolds which admit no
smooth structure.



3.2. Smooth manifolds and maps 53

By the chain rule, if a function f* given on the intersection Uy N Ug is of class C k

in the variable x/,, then it has the same smoothness in the variables xl{}. This allows us
to define the notion of a smooth or differentiable map:

camap f: M — N between smooth manifolds is C k smooth if, for smooth
local coordinates {x’} on M and {y/} on N, it is given by a C¥ smooth vector
function (y1,...,y™) = f(x1,...,x").

Smooth maps f: M — R are called smooth functions, and smooth maps y: [a, b] —
M are called smooth curves.

Note that the definition of smoothness of a map f: M — N is based on smooth
structures on both M and N. If some topological manifold X carries two smooth
structures, then we obtain two smooth manifolds M7 and M,. The smooth structures
are assumed to coincide if the identity maps M; — M, and M, — M are smooth.

Manifolds M and N are diffeomorphic if there exist smooth maps f: M — N and
g: N — M which are mutually inverse; i.e., fg: N — N and gf: M — M are the
identity maps. Such smooth homeomorphisms f and g are called diffeomorphisms.”

Let y(t) be a smooth curve in M . Inlocal coordinates {x/,} the curve y(¢) is written
in the form

t— (o (t), ..., x (1))

and its velocity vector at a point y () is equal to

p(t) = (g (1), ... . X0(1)).

In different local coordinates {xé} the curve y(¢) and its velocity vector y(¢) have the
form

t = (xg(0),...,x5(0), P(1) = (Xp(@0), ..., X5 (0)).

Hence we derive the following formula which connects the velocity vectors in different
local coordinates:

70 = G, o) = (Eidw. . o),

which implies

21t is known that there are infinitely many pairwise nondiffeomorphic smooth manifolds homeomorphic
to R* (for n # 4 such manifolds are unique up to diffeomorphism), while on the topological space S7
homeomorphic to the unit seven-dimensional sphere in R8 (S7 = {v € R® | |v| = 1}) there are exactly
twenty-eight different (up to diffeomorphism) smooth structures. All these structures on S are realized by
the submanifolds of R'0 (see Lemma 3.1) given by the equations

z?kfl —i—zg—i—z%—f—zf—i—z% =0,
121 [* + |22 + 23> 4 |24]* + |25* = 1,

fork =1,...,28 (here z1,. .., z5 are the complex-valued coordinates in C°> ~ R10); see, e.g., [3].
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The velocity vectors of curves in M are tangent vectors to M and the vector y (¢)
is attached to the point y(¢). We arrive at the following definition:

* atangent vector to an n-dimensional manifold M ata point x is an object which is

given in local coordinates {x/,} by an ordered collection of numbers (v}, ..., v7)
and its expression (w},, cee, wz) in other local coordinates {xé} satisfies the
equation
e
wp = @ Vg - 3.1

The tangent vectors at a point x constitute an n-dimensional vector space which is
called the tangent space Ty M at x. Each coordinate system determines the basis for
the tangent space denoted by

d 0

— Ty e n — .
ox1’ xn

0 (3.2)

The velocity vector x is decomposed in this basis by the formula
X=x"01 + -+ "0y

A manifold is orientable if there exist coordinate domains U, covering the whole
manifold and such that on the intersection Uy N Ug of every pair of domains the

following inequality holds:
axé
det{ —]>0.
0x B

Suppose that a manifold is connected and orientable. Then, assuming that the basis %,

o

c %,, is positively or negatively oriented, we define the orientation in all tangent

o
. 9 P .- . .
spaces, assuming that the bases E, RN are positively or negatively oriented, too.
Once some orientation is chosen, the manifold is called oriented.
A smooth map f: M — N induces the linear map

f*l TxM —> Tf(x)N

of the tangent spaces under which the velocity vector of the curve y(z) goes into the
velocity vector of the curve f(y(7)). Choose local coordinates {x'} in a neighborhood
of x and local coordinates {y’} in a neighborhood of f(x). Then the map f takes the
form

yi= fixt . X
and we obtain ey

.. J o

Py =i,
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It means that in the given coordinates the map f has the form

) . afj .
V= w! = 2.
ox?

Hence, in particular, we see that it is linear.
A subspace N is a k-dimensional submanifold in M if each point x € N has a

neighborhood U with local coordinates x!, ..., x" such that the intersection U N N
is determined by the equations x! = ... = X"k = 0. Moreover, considering y! =
xn—k oo yk = x" as local coordinates on N, we define the structure of a smooth

manifold on N.
We introduce the following important notion:

e asmooth map F: M — N is regular at x € M if the rank of the Jacobian
matrix of F at x written in some (hence arbitrary) local coordinates y’/ =

Fj(xl, ..., x"),j =1,...,k,is equal to the dimension of N:
J
rank (_8F, ) = dim N.
dx!

If this condition is satisfied, then x is called a regular point of the map F.

Examples of submanifolds are regular zero sets of smooth maps.

Lemma 3.1. Suppose that F: M — R** is a smooth map on an n-dimensional
manifold M and its zero set My = F~1(0) consists of regular points. Then My is a
smooth submanifold in M.

Proof. Take x € M. In a neighborhood of x we have

rank (8Lj) =n-—k,

dx!

where {x’} are the coordinates on M. Without loss of generality we may assume
that the minor of the matrix corresponding to the coordinates x!,...,x" % at x is
nonzero. By the implicit function theorem, in a small neighborhood U C M of x we

can define functions V1, ..., ¥,—x such that the equality F(x) = 0 holds if and only

ifx! =y (5 X)L xR =y, (xR x™). Now, let
=x'= 1//1(x"_k+1, o xh, L LRk = nk wl(x”_kH, oo xh),
)fen—k-‘rl — xn—k-i—l““’)fen = x"

be local coordinates in a neighborhood V' of x. With these coordinates, the set V N M

is determined by the equations X! = --- = "% = 0. Lemma 3.1 is proven. O

This lemma yields a great source of examples of smooth manifolds which can be
constructed as submanifolds of other, already known, manifolds. For M = R” we
obtain smooth submanifolds of the Euclidean space (see §1.4).
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Example (Spheres). The zero set of the smooth map
FOl o x"T) = D2 (T2

of the Euclidean space R”*! to R represents a smooth hypersurface, namely the n-
dimensional sphere S”. Every smooth manifold diffeomorphic to this sphere is called
an n-dimensional sphere, too.

Let f: N — M be a smooth map such that

(1) f is a homeomorphism between N and f(N) C M;
(2) ateach point x € N the map f is an embedding of tangent spaces.

Such a map f is called an embedding of N into M. If only condition (2) is satisfied,
then the map f is called an immersion.

Lemma 3.2. If f: N — M is an embedding, then f(N) is a submanifold in M and
f: N — f(N) is a diffeomorphism.

Proof. Inlocal coordinates { y/}on N and {x’/} on M the embedding f takes the form
x/ = x/(y',...,y") and, since the point x is regular for f,

J
rank (ai) =k.
ay!

Without loss of generality we may assume that

J
det (ai) #0
ay’ 1<i,j<k

in a neighborhood of x. By the inverse function theorem, in a small neighborhood U
of f(x) we can define smooth functions ¢y, . .., ¢, such that y/ = g; (x1, ..., x%) for
1 <j <kifandonlyif x/ = x/(y',..., y¥). Now, take

F:U — Rk
in the form
F/(xY, ... x™) = xMH Xk (o (xY, xR (L xR).

By construction, the zero set of the map F coincides with f(N) N U and F is regular
on the latter set. Applying Lemma 3.1, we complete the proof of Lemma 3.2. O

Suppose that f: M — R is a smooth function on a manifold M and its zero set
M, consists of regular points. Then My is a submanifold which divides M into two
parts, where f < 0 and f > 0. In this case the closed domain N selected by the
inequality f(x) > 0 is called a manifold with boundary ON = M,. Removing from



3.2. Smooth manifolds and maps 57

Figure 3.2. Boundary of a manifold.

the manifold N with boundary its boundary dN , we obtain a submanifold N \dN C M
whose dimension coincides with that of M and is called the dimension of a manifold
with boundary. If a manifold with boundary is n-dimensional, then its boundary is an
(n — 1)-dimensional manifold without boundary.

A map f: Ny — N, between manifolds Ny C M; and N, C M, with boundary
determined in M; and M, by inequalities is called smooth if there is an open domain
U C M, such that Ny C U and f extends to a smooth map g: U — M>.

By analogy with the case of manifolds without boundary, we define a diffeomor-
phism of manifolds with boundary. Note that if N is an n-dimensional manifold with
boundary, then each point of its boundary has a neighborhood diffeomorphic to the
intersection of the n-dimensional ball {|x| < 1} C R” and the half-space x” > 0.

If a manifold has no boundary and is compact, then it is called closed.

Define a smooth structure on the direct product of smooth manifolds. Let {Uy} be
a covering of M by domains with coordinates {x/,} and let {V3} be a covering of N by

domains with coordinates { yé}. Then {Uy x Vg} is a covering of M x N by domains

with smooth coordinates {x], ..., x¥, yé, s yé} (here k = dim M and [ = dim N).
Henceforth by a smooth manifold M x N we mean the manifold described above.

Examples. (1) Tori. The direct product of n copies of the circle S! is called the
n-dimensional torus:
T"=8"'x-.-xS'.
n
A two-dimensional torus is obtained if we take the square {0 < x, y < 1} on the plane
and glue the opposite sides by the rule:

0. 9) ~(1,y),  (x,0)~(x, 1.

The values x and y are coordinates on the so-obtained torus defined modulo 1.
(2) The Klein bottle. Take the square {0 < x,y < 1} on the plane and glue the
opposite sides by the rule

(07)7)’\’(1’)}), (X,O)N(l—x,l).

We assume that in a sufficiently small neighborhood of every point of the so-obtained
space M? the values x and y determine smooth local coordinates. The so-obtained
closed manifold is called the Klein bottle.
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Problem 3.6. Prove that the Klein bottle is not orientable, since under a continuous
change of the orientation in the tangent spaces along the loop r(¢) = (1/2,¢), where
t = [0, 1], the orientation changes.

Problem 3.7. Prove that the inequality % <x < % distinguishes a submanifold in the
Klein bottle which is not orientable and whose boundary consists of one component
homeomorphic to the circle.?

Problem 3.8. Let R; and R, be two straight lines with respective coordinates x and y.
Let X be the set obtained from these straight lines by identification of the points x € Ry
and y € R, for x = y and x # 0. The straight line R; is naturally embedded into X:
p;: R; — X. Introduce the topology on X, by assuming that U C X is open if and
only if its inverse images p7!(U) C Ry and p;'(U) C R, are open. Show that X
possesses all properties of a smooth manifold, except the Hausdorff property.

3.3 Tensors

Smooth manifolds have the structure of Euclidean space near each point, and functions
on manifolds are smooth if they are smooth functions of local coordinates.

The expressions v, and wg of the same tangent vector in different local coordinates
{x«} and {xg} are connected by (3.1):

J
8xﬁ

J

wy = —— U..

B i o
ox},

Let f: M — R be a smooth function on M. In the coordinates {x’} its gradient
grad f has the form
VY = (M i)
T \axy o )

and in the coordinates {xl’;} }, the form

wh = (af af): (if’_ iaL)

Bx}g’”"axg axéax};"”’axaaxg

The formula which connects the expressions of the gradient in different local coordi-
nates differs from the formula (3.1) for vectors.
A covector at a point x is an object given in local coordinates {x/,} by an ordered

collection of numbers (vf, . .., vj) and the corresponding collection (w’ls e .wg) for

another coordinate system {xé} satisfies the equation

81‘
Wb — e

= 2 ¥, (3.3)
J J
8xﬂ

1

3This manifold with boundary is called the Mobius strip.



3.3. Tensors 59

To stress the difference between vectors and covectors we use in notation super-
scripts (upper indices) for vectors and subscripts (lower indices) for covectors.
Now we can make the following conclusion:

Lemma 3.3. The gradient of a function is a covector.

The derivative of a function in the direction of a tangent vector v is equalto D, f =

(grad f);v', is independent of the local coordinates, and is a linear function on the
tangent space. The last assertion is valid for all covectors.

Lemma 3.4. A covector w at x € M is a linear function on the tangent space Tx M
which is written in local coordinates by the formula (w, v) = w;v'.

Proof. 1t suffices to show that the value (w, v) is independent of the choice of local
coordinates. It follows from (3.1) and (3.3) that

. ax] ox!
wfvp = o= wf o
dxg oxk
and, since .
axy 9xg  oxy
dxpp Ox§ Cooxk R
we obtain
(w,v) = u)l.ﬂvi9 = w,"c‘vz
Lemma 3.4 is proven. O

Lemma 3.4 yields the following assertion:

Lemma 3.5. Covectors at a point x € M constitute a vector space T} M of dimension
n = dim M dual to the tangent space Ty M.

The space Ty M is called the cotangent space at x € M.
A generalization of vectors and covectors is the notion of tensor:

* atensor of type (k,l) at x € M is an object

in.ig . . . T
le..-jz’ i1yeeey iy J1r---s 1 =1,..., n =dim M,

given for all values of the superscripts i and the subscripts j such that its expres-
sions in different local coordinates are connected by the formula

i i s
@i 2 P8 O 0 o (3.4)
J1eJi 8)62] ax(';k 8xé1 8x/§’ S1...87
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* afamily of tensors of the same type depending continuously on x € M is called
a tensor field on M.

A particular case of a tensor field is a vector field. If a tensor (in particular, vector)
field depends smoothly on the point, i.e., all functions lel‘j”]: are smooth, then we say
that the field is smooth.

We see that

(1) a tangent vector is a tensor of type (1, 0);

(2) the gradient of a function is a tensor of type (0, 1).

Since vectors v are linear functions on covectors w of the form v(w) = w(v),
tensors 7' of type (k, ) are linear functions of k covectors ™ and [ vectors V(n):

ik, (1 k) j '
T, ... .u® vy, 00) = Tj’llm;;‘ugl) : ..ul(k)v'(’ll) . v(ll).

Now, formula (3.4) is derived componentwise from formulas (3.1) and (3.3) which
follow for tangent vectors and gradients of functions from the chain rule.

Formula (3.4) is obvious for tensor products of tensors of types (1,0) and (0, 1):
the tensor product of tensors A and B of the respective types (k,[) and (p, g) is the
tensor A ® B of type (k + p,[ + ¢) such that

(A ® B)il...ikrl...rp _ Ail---ik i Bsr]l:,f

J1.-J181...8¢ J1-J1
We have already indicated the basis
(5] =81, ce., €p =8n

of the form (3.2) for the space of vectors. Its associated dual basis for the space of
covectors is

el =dx', ..., " =dx".
It is uniquely determined by the values of its elements at the basis vectors:
e'(ej) = 6.

The tensor products of the form
6, ® e, ®eV @@ el

determine a basis for the space of tensors of type (k, /) at every point. For such tensors
we obviously have the decomposition

T =T} ® - ®e, e @ e,

If an inner product (vy, v3) is given in each tangent space Tx M (for surfaces in R3
this is the first fundamental form) then we obtain the metric

gije' ® el = g;;jdx"dx’,
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which is a tensor of type (0, 2):

(v1,v2) = gijvivy, & = (ei,e)).

The tangent vectors, i.e., pairs (x, v) withx € M and v € T, M, constitute the tangent
bundle TM .

Theorem 3.1. The tangent bundle TM of an n-dimensional manifold M carries the
structure of a smooth manifold such that

(a) the projection w: TM — M is a smooth map;

(b) every point x € M has a neighborhood U such that the inverse image =~ (U)
of this neighborhood is diffeomorphic to the direct product U x R*: f: =Y (U) —
U x R"; moreover, m(f ' (x,v)) = x, where x € U and v € R (the diffeomorphism
f agrees with the projection).

Proof. For each point x € M take some coordinate neighborhood U, with coordi-
nates (x},...,x"). Let Wy be the set of tangent vectors v attached to points of U.
Introduce the coordinates (xoll, N S vé, ...,vy) on Wy, where v € Ty M has the
decomposition v = véai in the basis (3.2).

The family W, constitutes a covering of TM and, assuming that the coordinates
(xg[, e, XD, v‘}t, ..., Uy) are smooth, we introduce the sought structure of a smooth
manifold on 7M. Theorem 3.1 is proven. O

Henceforth by the smooth structure on 7M we mean the structure constructed in
the proof of Theorem 3.1.

Similarly, we can prove that the set of covectors attached to points of M, i.e., the
cotangent bundle T* M of M, carries the structure of a smooth manifold such that the
projection 7 : T*M — M is a smooth map and every point x € M has a neighbor-
hood U such that the inverse image 7! (U) of this neighborhood is diffeomorphic to
the direct product U x R”, where n = dim M.

Actensor T;, . ;, of type (0, k) is antisymmetric if its value changes sign as arbitrary
two indices interchange:

’Tl'l _T'l'l

cipigoiy = wligoip g -

There is a one-to-one correspondence between the antisymmetric tensors of type
(0, k) and differential k-forms:

T < o = Z Ti\..ix dx' Ao A dxE,
i1 <-<ig
Indeed, we have

dx' Ao ndxF =e' Ao nek = z:(—l)"(‘)eil Q- ® ek,
LES
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where Sy is the permutation group of a k-element set and o (¢) equals O or 1 depending
on whether the permutation ¢ = (lll i ,-]Z ) is even or odd. Hence,

or =T dx" ® - ® dx'k,

where the repeated indices iy, .. ., iy imply summation.
Moreover, the exterior (or wedge) product of forms @y = adx’' A --- A dx'* and
wy = Bdx’/t A--- Adx/! is defined as

w1 A wr =oc,3abcil A AdXE AdxTU A A dXT

moreover, dxP1 A --- A dxPm = 0 (by definition) if some of the indices p1,..., pm
coincide. This product extends to all differential forms by linearity.

Once a Riemannian metric g;; dx'dx’ is given on an oriented manifold M", we
can define the volume form

du = Jgdx" n---Adx", g =det(gi)),

which behaves like an antisymmetric tensor of type (0, ) under orientation-preserving
changes of coordinates. In general relativity, the volume form for pseudo-Riemannian
metrics of type (1, 3) is defined as

dp = =g dx' A Adx",

This form is needed for integration: namely, by definition, the infegral of a function
f(x) over the manifold is defined to be the quantity

/M .

Problem 3.9. Let w; be a k-form and let w, be an [-form. Prove that
w1 N\ Wy = (—l)kla)g A W1.

Problem 3.10. With each vector field v we can associate the operator i;, which takes
n-forms into (n — 1)-forms by the following rule:

o1, -5 Ma—1) = @ N5 - Nn-1)
(or [iy®)},...j,_; = v/ ®jj,...j,_,)- Prove that this operator is anti-derivation:
in(@1 A 2) = (1) A 2 + (=D)F o1 A (ibw2),
where w; is a k-form.

Problem 3.11. Suppose that a linear operator 7: V' — V' is defined in some coordi-
nates in V' by values 7/

T¢=n n =T/§.
Prove that these values constitute a tensor of type (1, 1).
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3.4 Action of maps on tensors

In §3.2 we indicated how a smooth map
FiM" = Nf oyl =t xR =R e ),
acts on tangent vectors. The map
fu: TeM™ — Ty N*

of tangent spaces takes the velocity vector v of a curve y(¢) at a point x = y(0) into
the velocity vector of the curve y(¢) = f(y(¢)) att = 0 and has the form

o

vow: w= -
ox/

(3.5)
Since covectors are linear functions of vectors, the map f acts on covectors in the
reverse direction by the rule

*1TigNE = TEM™ 2 (). v) = (. fu(o),

or in the coordinate notation

. . avi
)Y = m )Y (x) = iy () 35 d.

ie.,
i

y
—Ni. 3.6
ok (3:6)

Although formulas (3.5) and (3.6) look similar, they are essentially different in one
respect: the left-hand side in (3.5) and the right-hand side in (3.6) are a vector v and
a covector £ attached to x € M", while the right-hand side in (3.5) and the left-hand
side in (3.6) are a vector and a covector attached to f(x).

The linear map f* extends naturally to tensors of type (0, m):

n—>§m —>§ =

ayil ayim

jl e ]m
ST B dx''®---Qdx

T(y)dy't ® ---®@ dy'™ — T(y(x))

and, in particular, to antisymmetric tensors, i.e., differential forms:

i i gy :
TY)dy' A---Ady"™ — T(y(x))=— ... =——dx/V A--- Adx™, (3.7)
0xJ1 dxJm
and relates to an /-form @ on N* the form f*w of the same type on M™.

Problem 3.12. Prove the formula

fH o1 Aw) = fror A frw,.
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Example (Induced metric). Let g;; dy'dy’ be a Riemannian metric on N* and let
f: M" — N¥ be an embedding. The action of f* on the metric tensor g; ; determines

the induced metric g;; (f(x))%g%;dxpdxq. In the case n = 2 and N*¥ = R3 we

obtain the first fundamental form on a surface.

Recall some facts from calculus: the exterior derivative of a k-form
w = Z Tiy i dx'T Ao A dx'®
i <-<ig
is the (k + 1)-form
oT;, i ) ) .
do = LR Xt AdxTU A A dxE.
X

i] <-~~<ik

A form w is closed if dw = 0. If @ = dn for some form », then the form w is
exact.

Problem 3.13. Prove that all closed forms are exact:
d*=0.
Problem 3.14. Prove the formula
f*dow = df*w.

We introduce one more important definition: a topological space X is simply con-
nected if every continuous map
f:8' > x
of the circle S = {x? + y2 = 1} (in the plane R?) extends to a continuous map
f:D*—> X

of the disk D? = {x? + y? < 1}. This property is especially important for the
following reason:

* on a simply connected smooth manifold M", the value of the integral of a closed
1-form w along a curve y: [0, T] — M" depends only on the endpoints of the
curve:

T
/O o= f(P.Q). P=7y(0). Q=)

Indeed, if two smooth curves y; and y, connect two points P and Q, then they
together constitute amap f: S' — X which determines the curve y; traversed clock-
wise for y > 0 and the curve y, traversed counter-clockwise for y < 0, and we
obtain

/ ffo=] ffo-| [fo.
st 71 V2
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If the map of the circle extends to a map g: D? — M™" of the disk then, as easy to
show, this extension can be made smooth, and then the Stokes theorem gives

/Sl rro= [ drro=[ rao=o

ie., f)’l f*o = fyz f*w (the integral depends only on the endpoints).

We turn to the definition of the Lie derivative of a tensor field.

Consider a smooth vector field v(x) on M”. For a small neighborhood U of each
point xo € M" and for small ¢ < T, there is a unique solution to the equation

y =v(y)

with the initial data y(z) = x, where x € U (if M" is compact then, certainly, this
solution exists globally for all times). Denote by ¢; the point ¢;(x) = y(t), where
y(¢) is the solution to the equation with y(0) = x. From the uniqueness theorem we
obtain:

Os+t(x) = s (x)), 0<s,t,s+1t<T.

The trajectories of the points x, i.e., the curves y(t) = ¢;(x), are called the integral
curves of the vector field and the existence and uniqueness theorem claims that, for
each point, there is a unique integral curve passing through this point. If v(xg) = 0,
then the curve degenerates into a fixed point x.

Consider how a smooth tensor field T/] lll’ K of type (k, ) evolves along the integral

curves of a field v. Denote by ey,...,e, and e! = dx!,...,e" = dx" the basis
vector and covector fields (we consider only a small coordinate neighborhood of a
point x € M™). Now, define a function of the parameter  whose values are tensors of
type (k,1) at x:

Szjll t/]k(l)eil ® - ®e Qej & - Qej

_ Tzh Jk (01 (x))p* (ell) ®: - ® ] (e”) & ((pt)* (ej;) ®. ((Pt)ll(ejk)'

The Lie derivative of a tensor field T along a vector field v (at x) is the tensor

. . d
(LUT){L-Jk — Sjl ]k()

i1y i1y
Calculate this derivative. For small values of # we have (in local coordinates)
ga,(x)i =x'+0v'(x)+o(r), i=1,...,n.
Therefore,

' (x)
dx/

((p)<T) = (8 +1 +0())7”
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and
0Ty = (8 +1 ava Y o).

Eventually, we obtain

. v/t : /K
S0 =g (o ) (5~ 1)

P1 Ju2! pi Ju?
(8 +’az) (8 i )+o(z)
Hence we conclude that
. T Jk Jym
.or i i
(LvT)ljlllJlk (x) — 81 ml + Trle zljk ale 4+ ...
L g™ T vk
J1---Jk m...Jk j] m
T g T T gm0 T i g

If the tensor field T depends also on time, T = T'(x, t), then the fotal derivative
along the vector field v is the value

dT _ dT

+ L,T.
dt ot

Problem 3.15. Prove the formula
Ly(R®S)=(LyR)®S + R® (LyS).
Problem 3.16. Let w; and w, be differential forms. Prove that
Ly(w1 A @2) = (Lyw1) Awz + 01 A (Lyw2).

Problem 3.17. Prove that, for a scalar function, the Lie derivative along a field v
coincides with the derivative along v:

a
L,f =1 —f =0y [,
and for a vector field w the Lie derivative equals the commutator of the fields:
; ow’ v’
Low = [v.w], v, w] =vF— —wkF—.
ow =l o) =5 —wk

Problem 3.18. Let i, be the operator of Problem 3.10. Prove the identity

ivd + diy = L.
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3.5 Embedding of smooth manifolds into the Euclidean space

In the beginning of the 20th century a smooth manifold was understood as the regular
zero set of amap f: R” — R¥, which is now called a submanifold of the Euclidean
space. In fact, the intrinsic definition given in §3.2 is not more general. Namely, the
following Whitney theorem holds:

* each smooth n-dimensional manifold with a countable base (i.e., having a count-
able base of open sets) is embedded into R*".

We restrict our consideration to proving the following simpler assertion:

Theorem 3.2. Let M be a closed smooth manifold. Then there is an embedding
¢ M — RY into the Euclidean space of a sufficiently large dimension.

Proof. We can restrict our consideration to the case of a connected manifold. Let n be
the dimension of the manifold.

We say that a partition of unity is given on a manifold M if we are given a covering
{Uyq} of the manifold M by open sets and a family of functions ¢, : M — R such that

(1) po (x) = 0if x does not lie in U;;

(2) all functions ¢, are nonnegative: @, > 0;

(3) at each point x only finitely many functions ¢, are nonzero and

Z‘/’a(x) =1

For a compact manifold M, take an open covering {Uy } possessing some additional
properties. Namely,

(1) local coordinates x, are given in each domain U, which vary in the interior of
the ball 3°; (xk)* < 1;

(2) for some & > 0, the subdomains V,, C Uy defined by the condition ) _; (xj;l)2 <
1 — & constitute a covering of the manifold M, too.

Obviously, we can easily find such finite covering in view of compactness.

For this covering we construct a smooth partition of unity as follows: take some
smooth function f(r) defined on the half-axis » > 0 and possessing the following
properties:

1) f(ry=1lforr <1-—g¢g
2) f(ry=0forr > 1;
B)o0< f<lforl—e<r<l.

Define the function vy as

SxD?+ -+ (x)?) forx € Uy,
0 otherwise,

1/’ot(x) =
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and put
Va

N7
constructing thereby a smooth partition of unity subordinate to the covering {Uy }.
Given ¢ = 1,...,k, define the smooth map fo: M — Rr+1 by the formula

a=1,...,k,

Pa

f (x) — (goﬁt(x)xévvgoﬁt(x)xgv(pﬁt(x)) forx € UOts
* 0 otherwise.

Since each map f,, determines an embedding of the ball V, into R”*!, the rank of the
map f, is maximal at the points of V,, (is equal to n). Therefore, the map

F: M —ROTVE T Fx) = ()., fix),

is an immersion of M into R¥(*+1),

Note that

(1) if x1, x2 € Vo and x1 # xa, then fo(x1) # fa(x2);

(2) if x; € V, and x5 does not lie in Vg, then the (n 4 1)st coordinates of the map
fe at these points are different: it equals 1 for x; and is less than 1 for x,.

Consequently, the map F is an embedding of M into R®+D* The theorem is
proven. O

Problem 3.19. (1) Prove that every product of spheres of the form S¥1 x ... x S¥n ig
embedded into the Euclidean space R¥1++kn+1 whose dimension is greater by one
than the sum of the dimensions.

(2) Suppose that a closed n-dimensional manifold M" is embedded into R"*!,
Prove that M" x S¥ is embedded into R*T4+1,

Problem 3.20. Suppose that a manifold M" is embedded into R” ! as the zero set of
a smooth function f: R"*! — R and the gradient of f is nonzero everywhere on the
set { f = 0}. Prove that the manifold M" is orientable.
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Riemannian manifolds

4.1 Metric tensor

Let M be a smooth manifold and the tangent space at each point of M be endowed
with an inner product defined by a symmetric tensor g;;:

v,weT,yM — (v,w) = gijviwj eR, gij=gji

Suppose that g;;(x) depends continuously on x € M. Such a manifold is called a
Riemannian manifold and the tensor g;; is called the metric tensor (or the Riemannian
metric).! If the metric depends smoothly on x, then we have a smooth Riemannian
manifold.

The simplest examples of smooth Riemannian manifolds are submanifolds in R”.

Let f: M — R” be an embedding of a manifold M into R”. Define the metric
(-, ) on M induced by the embedding. Given v,w € TyM and fi(v), fx(w) €
Tt R”, we put

(v, w) := (fa(v), fax(w)),

where in the right-hand side we take the standard inner product in R”. In the case of
surfaces in R the metric tensor induced by the embedding is called the first fundamental
form.

We can give a more general definition: if f: M — N is a smooth embedding of
M into a Riemannian manifold N, then the metric on the manifold M given by the
formula

(U, w) = (f*(v)’ f*(w))N7

where (-, -) is the metric on N, is said to be induced by the embedding f .
From Theorem 3.2 we obtain

Corollary 4.1. Each closed smooth manifold carries a smooth Riemannian metric.>

Do not confuse this notion with a metric as the distance between two points.
2Moreover: each Riemannian metric is induced by some embedding into the Euclidean space of suffi-
ciently large dimension. This embedding is called isometric. Namely,

« each Riemannian 7-dimensional manifold M " admits a C ! -smooth isometric embedding M" — R?"
(moreover, it is possible that the metric tensor is continuous but not differentiable) (Nash and Kuiper);

* each smooth Riemannian n-dimensional manifold M admits a smooth isometric embedding into
R2Gn*+11m+1 | Eor closed manifolds, there is an isometric embedding into R3Gn*+1 In). if the
Riemannian manifold is real-analytic, then the embedding can be chosen real-analytic, too (Nash).

‘We have stated these theorems in their original form as obtained by Nash and Kuiper. Later these estimates
in the Nash theorem were improved.
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We introduce g*/ which is uniquely determined by the following relations:

o)1 ifi =k,
78 =0 ifi £k

A generalization of a Riemannian metric is the notion of a pseudo-Riemannian
metric: suppose that the tensor g;; is symmetric but not necessarily positive definite
and the corresponding matrix has k positive and (n — k) negative eigenvalues, where
dim M = n. Then it determines a pseudo-Riemannian metric of signature (k,n — k).

The simplest example of a manifold with such a metric is the pseudo-Euclidean
space R*" diffeomorphic to R¥*" and such that each tangent plane is endowed with
the indefinite inner product

k_ pktlpk+1 ktn, k+n

W W), = viw' + - 0k —v —v

The space R'3 is called the Minkowski space and known as “spacetime” in special
relativity (see Chapter 5).

4.2 Affine connection and covariant derivative

As arule, formulas (3.4) which connect the expressions of tensors in different coordi-
nate systems are nonlinear with respect to the coordinates on the manifold. Therefore,
definition of the derivative of tensors which would be independent of coordinates re-
quires introduction of affine connections.

Let M be a smooth manifold.

Suppose that, at each point x € M, we have a function which relates to each vector
field v on M and each vector w € Ty M the new tangent vector

v,w— Vyv e TyM “.1)

and the following conditions are satisfied:

(1) the map (4.1) is linear in both arguments:

Valwl—i-azwzv = O(lvwlv + Olszzv,

Vw(a1v1 + 0621)2) = alvwvl + O(szvz, 1,0 € [R;
(2) if f: M — R is a smooth function, then
Viwv = Vv, Vyfv=(Dyf)v+ fVyv,

where Dy, f is the derivative of f the direction of w.
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This function (4.1) is called an affine connection and its value Vv is called the
covariant derivative of the vector field v in the direction of w.

If the vector field V,v is smooth for smooth vector fields v and w, then the con-
nection is called smooth. Henceforth we assume that all connections are smooth.

Note that, defining the connection, we do not require M be a Riemannian manifold.

In coordinates, the connection is written in terms of the Christoffel symbols T’ l’j
Namely, let x1, ..., x™ be coordinates in a domain of M and let 9;,...,d, be the
corresponding vector fields (3.2) which generate bases for the tangent spaces. Define
the Christoffel symbols by the formula

Vi, 0 =T}

It follows from the definition of connection that for arbitrary vector fields v = v’ 9;
and w = w’ d; the covariant derivative has the form

Vv = V75, (0'8;) = w/Vy, (v'8;)
A gvk ‘ A Juk )
= J . = J k N
w (Wak—{-leajal) w (W—I—v’FU)ak,
eventually we obtain
Vo)t = wi [ B L gk 4.3)
v ox/ Vi) '
From these calculations we conclude that

* the Christoffel symbols determine the connection uniquely.

Moreover, it follows from them that the Christoffel symbols do not constitute a
tensor. Show this. 5 _

Suppose that yl, ..., y" are other coordinates in the same domain and dy, ..., d,
are the corresponding coordinate vector fields. It follows from the chain rule that

0w s
PTaxt T axi ays T axi

Insert this in (4.2):

k Iyl ~

Uik = Vo, 01 = Vs, (%31)
82yl - ayl aym -
axioxs | gxi gxd om'!

aZyl - ayl dy™ =, =

= iond 1t g imOn

O Pym oxk ay! ay™ ~, oxk

T oxiox/ gyl 7 oxi oxJ - Klgym oK
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Comparing the coefficients of dg, we finally obtain

- ?y? axk ayl gy ax*
U axioxs ayr | oxi axJ 8y Im

(here for clarity we replaced the summation index / in the first summand with p).
Hence,

* the Christoffel symbols transform like tensors only under linear changes of co-

. . 2,m
ordinates (in this case % = 0),

e thevalues Tk = Fk I'k constitute a tensor (which is called the torsion tensor).

The covariant derivative extends to arbitrary tensors as follows.

If f is a smooth function on a manifold M, then we naturally assume that

;of
Bxf

Vof =w

i.e., the covariant derivative coincides with the derivative of a function along the field w.
Let u be a covector field on M and let v be a vector field on M. Then f = u;v’,
i.e., the value of u at v is a smooth function and

- O(u;vh)
— g/ 7
Vuf =w ol

Under the natural assumption that the covariant derivative satisfies the Leibniz rule
Vu (uivi) = (Vyu); v+ u; (Vy U)i s

from (4.3) we derive

ou;
oxJ
Every tensor of type (k, [) is representable as a linear combination of elementary tensors
of the form

(Vou)i = w/ —= ka Ug.

ik 401 ix (k+1) (k+1)
le Ji A(l) A(k)Ajl "Aj/ ’

i.e., tensor products of tensors of type (0, 1) or (1, 0). Now, supposing that the covariant
derivative satisfies the Leibniz rule

Vu(A® B) = (VyyA) @ B+ AQ® (VyB),

and knowing its action on vectors and covectors, we can write its action on every tensor
field. Moreover,

* the covariant derivative of a tensor is a tensor.
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Problem 4.1. Show that the so-defined covariant derivative of a tensor has the form

0 Lp S 0
i j i k i k
Vu Ty = (wj o Dekooden Vi = = T Tk

1ip...im il 1.l im
+ Ty " A+ Ty T )
In particular, the following formula is valid for tensors of type (0, 2):

o
Vwg&ij = wkai—l,i - wk(F,-lkglj + Fjl'kgil)-

Note that we started with the definition of the covariant derivative of vector fields and never
supposed that the manifold is Riemannian. Such a definition of connection can be introduced
on every smooth vector bundle, i.e., on a manifold E with a smooth map 7: E — B such that

(1) there is a covering of the manifold B by domains U, such that, for each domain Uy,
there is a diffeomorphism

Pa: 7w N (Uy) — Uy x F,

where F is a vector space which is the same for all @ and the diffeomorphism p, agrees with
the projection:
7(pg' (x.v) =x. x€Uq. veF:

(2) if the intersection Uy N Ug of such domains is nonempty, then the map
paPg': Uy NUg) x F — (Uy NUg) x F

has the form (x, v) — (x, Ax(v)), where, for each point x, the linear transformation A, belongs
to some subgroup G of the group GL(F) of all invertible linear maps of F into itself.

In this case E is called the space of the bundle, B is called the base space, G is called the
structure group of the bundle, and F is called the fiber of the bundle.

The simplest example of a vector bundle after the direct product M x F is the tangent bundle
of an n-dimensional manifold M : its fiber is isomorphic to R”, the structure group is GL(n, R),
and the map  relates to a tangent vector the reference point, i.e., the point to which the vector
is attached (Theorem 3.1).3

In mathematics, there are more general bundles, when the fiber F' is not necessarily a vector
space and the maps pqy p[;l have the form (x,y) — (x, fx(y)), where fx: F — F are
diffeomorphisms depending continuously on x. Henceforth we consider only vector bundles.

A sectionv: U — E of a bundle, given in some domain U C B, is a function which relates
to each point x € U some vector lying in the fiber F, = 71 (x) over this point.

A vector field is merely a section of the tangent bundle.

The connection in a bundle is defined as the rule for calculation of the derivatives of smooth
sections:

a
Viv = <W+Aj>v’ 4.4

3For instance, it is known that the tangent bundle to the n-dimensional sphere S” is homeomorphic to
the product S” x R” ifand only if n = 1, 3, or 7.
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where (xl, ..., x') are the coordinates in U and A;(x),i = j,...,n are matrices in the Lie
algebra of the group G (see Chapter 7). The result is again a section of the same bundle. The
connections in the tangent bundle are given by the matrices

Ay =Tl @s)

(here i and k are matrix indices and j is the index of the matrix itself; obviously, in the general
case when the dimensions of the base space and the fiber are different these indices vary over
different values).

Connections of this general form play a fundamental role in physics of elementary particles.
For example, an electromagnetic field is given as a connection in the bundle with the structure
group G = U(1) (see Chapter 7).

The connection determines the parallel translation in the bundle.

Let y: [0, T] — B be a smooth curve on the base of a bundle. Then a vector field
v(t) (i.e., a function of ¢ with values in the fibers of the bundle: v(¢) € 7~ (y(¢))) is
called parallel along y if w(v(t)) = y(¢) for every t and the following equation holds:

Dv
ot
Expanding the left-hand side, we find that the field v is parallel if and only if

Dv i .k avi . .
(B2) = (2 vripi) =00 k=1

Equation (4.6), being a first-order equation, has a unique solution for an arbitrary
initial value v(0); and we say that the vector v(1) is obtained from the vector v(0) by
parallel translation along the curve y.

= V)',U =0. (4'6)

4.3 Riemannian connections

Let M be a smooth manifold with a metric g;; which can be either Riemannian or
pseudo-Riemannian and let its tangent bundle carry an affine connection.

Lemma 4.1. The following assertions are equivalent.

(1) For every vector field w on M,
ngij = 0.

(2) If y(t) is a smooth curve on M and v and w are parallel vector fields along vy,
then their inner product is constant along y:

d
). w() =0.
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(3) If y(t) is a smooth curve on M and v and w are vector fields along y, then
d
E(v(r), w(?)) = (Vyv,w) + (v, Vyw).

Proof. First of all write down %(v (t), w(t)) in local coordinates and, using Prob-
lem 4.1, obtain its invariant form:

w0, w(0) = (o' v)

_dgi dv' ;dw’
= d;jij+gljd_w +gzl 7

. ) - dv' cdw’
= (Vygiy + Ty ey + F'-‘;Vlgik)v’w" +giji—— 7 w/ + gijv 7

o dv
:Vl;g,'jvlw’—kgij(dt —I—Fkl)/ )

A dw
+gijvl( r +Fk1Vw)
= Vigiv'w! + (Vyv,w) + (v, Vyw).

It is clear from the last formula that (1) implies (3). The fact that (2) follows from (3) is
obvious. We are left with proving that (2) implies (1). Take an arbitrary point x € M
and arbitrary vectors u, v, w € T, M. Draw a curve from x in the direction of u and
extend (uniquely) v and w to parallel vector fields on the curve. It follows from (2)
that V, g;; viw/ = 0. Since all data are arbitrary, (1) follows. Lemma 4.1 is proven.

O

If a connection satisfies one of the conditions (1)—(3) of Lemma 4.1, then it is
compatible with the metric.

Another important class of connections are symmetric connections: a connection
is symmetric if its torsion tensor is identically zero,

k k k
Iy =Ty =T} =0.
Obviously, this identity is equivalent to the following assertion: the relation
Vv — Vyu = [u,v] 4.7)
holds for every pair of vector fields u and v, where

o’ - ou’
i j J
uv|' =u — —v/—
ool = dx/ ax/
is the commutator of the vector fields u and v. The equivalence is proven by straight-
forward computations.
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The following theorem holds:

Theorem 4.1. On each Riemannian manifold, there is a unique symmetric connection
compatible with the metric. Its Christoffel symbols have the form

1 d0g; ag;;  0gi;
k _ — kI gil 81 . gij
Fij 28 (8xf + axi ox! ) (48)

Proof. Let d1,...,0, be the basis for Ty M corresponding to coordinates xb X"

in a domain U C M. The tensor g;; has the form g;; = (9;, ;).
Suppose that V is a symmetric connection on the manifold compatible with the
metric. It follows from Lemma 4.1 that the equality

0gij
= = (Va,0,0)) + 0, V3,0)) = Tjgmj + T} gim (4.9)
holds at each point of U. Inserting this equality in

9gir | 0g1;  0gij
ox/  oxt ax!

and recalling that the connection and the metric tensor are both symmetric; i.e., Ffj =
I‘j’?l. and g;; = gj; foralli, j, and k, we obtain
m 9gir | 9g1j  9gij

2jgmi = dx/ + oxi ox!’

Multiplying both sides of the last formula by 2gkl and summing over /, we arrive at
(4.8).

Conversely, connection (4.8) is obviously symmetric. By Lemma 4.1, it is compat-
ible with the metric, since it satisfies equation (4.9). Theorem 4.1 is proven. O

This theorem is a generalization of Theorem 2.5 for surfaces in R to arbitrary
Riemannian and pseudo-Riemannian manifolds.

The case of surfaces in R3 suggests the following construction of such connections
on submanifolds.

Let M be a Riemannian manifold with a symmetric connection V compatible with
the metric. Let N be a submanifold in M with the induced metric. Consider a vector
field v on N and let w € T, N. The covariant derivative Vv need not be tangent
to N; therefore, decompose it into components

Vv = 6“,1) + B(w, v),

where V,,v € Ty N and the vector B(w, v) is orthogonal to 7y N . Itis easy to check that
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* V determines a symmetric connection on N compatible with the induced metric;

* B is a symmetric bilinear operator (the second fundamental form) on the tangent
bundle of the submanifold N with values in the orthogonal complements of the
tangent spaces Ty N .

In the case of surfaces in R3 the Christoffel symbols are determined this way from
the trivial connection on R3 (Fl.kj = 0 in the Euclidean coordinates), and the second
fundamental form multiplied by the normal to the surface coincides with B.

4.4 Curvature

Let M be a manifold with a connection in the tangent bundle and let U be a domain
on M with local coordinates x!, ..., x". Take x € M. Suppose for simplicity that the
coordinates of x are (0, ...,0).

Consider a small square in U whose sides are segments of the coordinate lines and
join successively the points x = (0,0,0,...), y = (¢,0,0,...), z = (0,¢,0,...),
and s = (&,¢,0,...), where ... stands for zeros. Define two operators 77, and 75,
from Tx M to Ty M. Each of them is a composition of successive parallel translations
along the sides of the square: Tj. is the composition of the translations from x to y
and then from y to s, and 75, is the composition of the translations from x to z and
then from z to s.

Figure 4.1. Parallel translations along the sides of a square.

In the general case T1.(w) # T».(w) and the difference between these vectors is
described by the curvature of the connection. The notion of curvature is defined for
every connection on every vector bundle. However, the general definition is based on
the theory of Lie groups and algebras. Therefore, we restrict ourselves to the case of
connections on the tangent bundle.

Find T1.(w) — T2 (w) up to lower order terms in . Denote the operator of parallel
translation from x to y by 7; and the operator of parallel translation from y to s by 7.
We decompose all tangent vectors in the bases d1, . . ., d, for the tangent spaces.
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It follows from (4.6) that
1 (w)f = wk — 8F{‘j Ow’ + 0(e?),
BFé‘j (x)

ox1

w(B)F = T — eIy, (y1) @/ + O(e?) = T* —s(r;;(x) +e )wf + 0(&?).

Also, we can easily estimate the terms of order £2: w is a solution to the equation (4.6)
of the form w = Aw and substituting for A and w their Taylor series, we obtain

2
w(e) = w(0) — AO)w(0)e — (A(0)w(0) + A(O)u’;(O))% + 0(e3).

Now, when all computations become clear, we can give the final answer:

k k argf 31—‘{(] k i k i 2 3
Tie(w)" — Toe(w)" = | — ol 2 + 5Ty — Ty, Jw’ - &2 + 0().

The last expression has the form
T1e(w) — Tae(w) = (Va, Va, — Vs, Va,)w - e2 + O(3). (4.10)

These calculations lead to introduction of the curvature tensor (or Riemann (cur-
vature) tensor), which represents a linear function of three vector fields u, v, and
w:

R(u,v)w = (VyVy — Vi Vy + Vi p)w.

(obviously, [0;,d;] = 0).
Lemma 4.2. The value R(u, v)w at a point x depends only on the values of u, v, and

w at x and the map
R: TxM xT M xTyM — TyM

is linear in each of the arguments; i.e., Rf ik is a tensor, where
I ) k. j..i
(R(u,v)w)" = R;;u v/ w',

or!  ark
l k 1 / l
ik = 5x7 ~ agk T TmiLik — DL .11

Proof. We can demonstrate straightforwardly that, multiplying some of three fields,
say, the field u by a smooth function f, we obtain R( fu,v)w = fR(u, v)w. Indeed,
we have

R(fu,v)w = (VyVry — Vi Vo + Vifu)w
= (Vo f Vu = [VuVy + Visiuul-D, fu)) W

= (vavu + fvvvu - fvuvv + fv[u,v] - vavu)w
= fR(u,v)w.
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For v and w this identity is proven by similar calculations. Decomposing the fields in
the basis {d; } and applying this property, we obtain

R*dy,v78,)(w'd;) = ukv/w' - R(dx, 3;)d;,
which completes the proof of Lemma 4.2. O

Note that in terms of the matrices 4; = (T l] /.) (see (4.5)) formula (4.11) takes a very simple
form: 04 04 | 04 04
04Kk 04k
+A4;A A Aj =
ax/ Bxk KT ORA) = 95T T axk
where Qi = Rl ik For a general connection (4.4), €2 is called the curvature of the connection;
in small domains in the base over which the bundle is trivial, Q is the matrix-valued 2-form
Q=73 Qjxdx’ Adx¥ (globally on a manifold it is a 2-form with values in fibers of some
bundle which is isomorphic to the Lie algebra of the group G).

A connection has zero curvature, if it satisfies the zero curvature equations

Qjk = +[Aj, Akl

0Ar 04,
— — — +[4;,Ax] =0, jk=1,...,n.
8)( j ax k + [ J k] J
In one important particular case, these equations appeared already in Chapter 2 as the Gauss—
Codazzi equations.
Consider differential forms with values in fibers of a bundle and define the differential 4V
by the formula

dv( Z Til..,ikdxi‘ /\-u/\dx"k) = Z ViTil..,ikdxi AdXTU A AdxTR, (4.12)
i <-<ig 1 <-<ig
where V; = Vjy,.

Problem 4.2. Prove that the square of the differential dV is the operator of multiplication by
the curvature form:
dV)w=Qro.

The following lemma is the infinitesimal version of (4.10).

Lemma 4.3. Let r: U — M be an immersion of a surface M and let x and y be the
coordinates on the surface. Then

DD DD

o R X
ady ax  ox 8y (rx.Ty)-

Here D/dx and D/dy stand for the operators (4.6) of taking the total derivative
along the coordinate lines on the surface.

Proof. The local coordinates x and y on the surface extend to coordinates x, y, zl ..,
z"72 on the n-dimensional manifold and the total derivatives coincide with the covariant



80 Chapter 4. Riemannian manifolds

derivatives along the coordinate fields. From the definition of the curvature tensor we
obtain

R(ry, ry) ==V, Vry + vry Vi, + V[rx,ry] = -V, vry + Vry Vies
since the coordinate vector fields commute: [ry, ry] = 0. The lemma is proven. O

The curvature tensor satisfies some additional relations.
Lemma 4.4, Let Rf . be the curvature tensor of a connection (in the tangent bundle).
Then the following relations hold for arbitrary vector fields u, v, w, and z:
(1) (u,v)w = —R@,wwor R, = =Rl i, j.k,l=1,....n
(2) if the connection is symmetric, then
R(u,v)w + R(v,w)u + R(w,u)v =0
or
I I I T .
Rl]k+Rkl]+R]kl:0’ l,],k,l=1,...,n,
(3) if a Riemannian metric is given on M and the connection is compatible with the

metric, then
(R(u,v)w,z) = —(R(u, v)z, w);

(4) if a Riemannian metric is given on M and the connection is compatible with the
metric and is symmetric, then

(R(u,v)w,z) = (R(w, z)u, v).

Proof. Assertion (1) is obvious.
Since R is a tensor, it suffices to prove assertion (2) for pairwise commuting (for
example, coordinate) fields. Then

Ru,v)w + R(v,w)u + R(w, u)v
= (=V,Vow + V,Vyw) + (=Vy Vyu + Vi Vyu) + (=Vy, Vv + V, Vo)
and, applying (4.7), we demonstrate that the right-hand side of this formula is identically
zZero.
Assertion (3) means that the expression (R (u, v)w, z) is antisymmetric with respect
to w and z which is obviously equivalent to the identity (R(u, v)w,w) = 0. Since R
is a tensor, we can restrict again our exposition to the case of [u, v] = 0. In this case,
denoting by D, and D, the derivatives of functions along the fields u and v and using
the fact that the connection is compatible with the metric, we obtain
Dy Dy(w, w) = Dy (Vy(w, w))
=2D,(Vyw, w)
=2V, (Vyw, w)
=2(V,Vyw, w) + 2(Vyw, Vyw)
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and similarly
DyDy(w,w) =2(VyVyw, w) + 2(Vyw, Vyw).

Since [u, v] = 0, we have D, D, = D, D,,, whence we derive
(DMDU - DUDM)(wv w) = _(R(u3 U)wv w) = 09

as required.
Define the tensor
Rijki = gim Ry (4.13)
or o
Rijklulvkw"z’ = (R(u,v)w, z).

Assertion (2) takes the form
Rijki + Rikij + Ritjk = Rijrkn) = 0.
Assertions (1) and (3) mean that the tensor R;jx; is antisymmetric in the second and
the first pairs of indices:
Rijki = —Rijik.  Rijki = —Rjiki-
Using these identities, we can write
Ritjiky + Rigijk) — Rjikn) — Riirj1 = 2(Ruijk — Rjkii) = 0,
which proves assertion (4). Lemma 4.4 is proven. O

From the definition of the curvature tensor of an arbitrary connection we see that it obviously
satisfies the assertion (1) of the above lemma: Fjx = —Fy;. Suppose that an inner product
is given in the fibers of a vector bundle (in this case the structure group is a subgroup of the
orthogonal group O(n), n = dim F) which is compatible with the connection: Vy,(u,v) =
(Vywu,v) + (u, Vyyv). Then this connection satisfies the assertion (3) of the above lemma and
its proof repeats verbatim the proof above).

Problem 4.3. Suppose that a connection on a Riemannian manifold M is symmetric
and compatible with the metric. If dim M = 2, then tensor (4.13) is determined com-
pletely by one component, namely Rj212, and if dim M = 3, then by six components.

Also it follows from Lemma 4.4 that if u,v € T, M and o is a two-dimensional
subspace in Tx M generated by u and v, then the value

_ (R(u,v)u,v)
T (u,u)(v,v) — (u, v)?

depends only on o. It is called the sectional curvature in the two-dimensional direc-
tiono.

K(o)




82 Chapter 4. Riemannian manifolds

Lemma 4.5. If M is a two-dimensional surface in R with the induced metric and the
connection is compatible with the metric and is symmetric, then its sectional curvature
K coincides with the Gaussian curvature.

Proof. Take p € M. Since the Gaussian and sectional curvatures are independent of
the choice of local coordinates, it suffices to show that these values, calculated in some
special coordinate system, coincide.

Choose orthonormal coordinates (x!, x2, x3) in R? so that the surface in a neigh-
borhood of the point p is the graph of a function x* = f(x',x?). Then g;; = 1+ f2,

g12 = f1/2,and
o Sufn- 1R

= 1+f12+f2’

where the subscripts of f denote derivatives with respect to x’ (Problems 2.1 and 2.3).
This expression becomes much simpler if we direct the x3-axis along the normal to the
surface at the point p: in this case grad f(p) = 0. In particular, we find that

K= fitfo— fis
at p and all Christoffel symbols are zero. It follows from (4.8) and (4.11) that

0%g12 _ L 9gn 92822
ox10x2 2\ 9x29x2 ' 9x1ox!

1
= fi1 /2 + f122— 5'4f122
= f11f22—f122-

Hence in the given coordinates the sectional and Gaussian curvatures are both equal to
f11f22 — f5 and thereby coincide. Lemma 4.5 is proven. O

Riz12 =

In applications, of particular interest is the trace of the curvature tensor, the Ricci

tensor,

1 )
arik _ Fil + Fl m _ I'l Fm
9x! 9xk ml~ ik mk=™ il
rather than the curvature tensor itself.

The trace of the Ricci tensor is called the scalar curvature

_pl _
Rix = Ry =

R =g"*Ri.

Riemannian manifolds of constant sectional curvature have sufficiently simple
structure. Every n-dimensional manifold of constant sectional curvature K > 0 in
a neighborhood of each point looks like an n-dimensional sphere of radius «/LE It
means that a small neighborhood of each point can be mapped homeomorphically onto
a domain on the sphere with the lengths of all curves preserved. Manifolds of constant
negative curvature will be considered in §5.1.
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Problem 4.4. Prove that for two-dimensional Riemannian manifolds the Ricci tensor
takes the form
Rix = 2Kgik,

where K is the Gaussian curvature; moreover, R = 2K.
Problem 4.5. Prove that for three-dimensional Riemannian or pseudo-Riemannian
manifolds the curvature tensor is determined completely by the Ricci tensor as follows:
R

Rijki = Rikgji1 + Rj1gik — Riigjx — Rjr&i1 + E(gilgjk — 8ik&j1)-
Problem 4.6. Prove that for manifolds of dimension » > 4 the curvature tensor is not
determined uniquely by the Ricci tensor.
Problem 4.7. (1) Prove the Bianchi identity for a connection on the tangent bundle:

jlm + VlR}mk =0

for arbitrary i, j, k, [, and m.
(2) Prove the Bianchi identity for a connection in an arbitrary vector bundle:

dvQ =0,

where € is the curvature form and the operator dV is defined by (4.12).

4.5 Geodesics

Suppose that an affine connection is defined on the tangent bundle of a smooth mani-
fold M. A geodesic is a curve x (¢) satisfying the equation

bx Vix =0 4.14)
- = X = .
ot *
which is a second-order equation in local coordinates:
4T 5k =o0. (4.15)
Introduce coordinates x!,..., x®, v!, ..., v" in the tangent bundle as in the proof

of Theorem 3.1. In these coordinates, equation (4.15) becomes the following system

of first-order ordinary differential equations:
= 0 =T (vl

Applying the existence and uniqueness theorem for ordinary differential equations, we
obtain the following assertion:
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Lemma 4.6. For each point x € M of a Riemannian manifold M, there exist a
neighborhood U of x and a constant ¢ > 0 such that, for every point y € U and every
vector v € Ty M of length < ¢, there is a unique geodesic y: (—1,1) — M satisfying
the initial conditions

y©0) =y, y(0) =v. (4.16)

Proof. The theorem on existence and uniqueness of a solution to an ordinary differential
equation formally implies that, for some neighborhood W of a point (x,0) € TM,
there exists 6 > 0 such that for every point (y,v) € W, there is a unique geodesic
y1: (—=68,8) — M with the initial data (4.16).

Now choose a constant &; > 0 and a neighborhood U C M of x such that (y, v) €
W for y € U and |v| < &;. It follows from (4.15) that if the curve y(¢) is a geodesic,
then for every constant C the curve y(¢) = y(Ct) is a geodesic, too. Now take ¢ = §&1
and y(t) = y1(8t). Lemma 4.6 is proven. O

It follows from Lemma 4.6 that, for every point x € M in a small ball
By ={v e TyM | |v| < &}, we can define the exponential map

exp,: Bxe > M,

which relates to a point (x, v) the endpoint y (1) of the geodesic.
Below, we restrict our exposition to geodesics of symmetric connections compatible
with the metrics. By analogy with the case of surfaces, we can prove that

* the geodesics coincide precisely with solutions to the Euler—Lagrange equations
with the Lagrangian L(x,X) = g;; x'x/, where g; ; is the Riemannian metric;

* the geodesics are naturally parameterized (|X| = const) extremal functions of
the length functional.

We apply the exponential map to prove the following fact:

Lemma 4.7. For each point x € M, there is a neighborhood V and a constant n > 0
such that

(1) arbitrary pairs of points of V are joined by a unique geodesic of length < n
and this geodesic depends smoothly on the endpoints;

(2) for each point y € V, the map exp, takes the ball By , C Ty M diffeomorphi-
cally onto a neighborhood of y in M.

Proof. Consider the function
F:U—> M x M,

where U C TM is the domain of points (x, v) with x € U and |v| < & and F(x, v) =
(x,exp,(v)). Its derivatives at (x, 0) have the form

1 1

— — i

8Fi ) aFH-n . aFi 3Fi+n
— = 0;, ——— = 0, — = O, ——— = 0,
dx/ / dx/ 7T v/ v/ /
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where F = (F!',...,F?")andi = 1,...,n. Since the Jacobian matrix of this map
at (x, 0) is nondegenerate, this map is invertible in a small neighborhood of (x, x) by
the inverse function theorem.

Choose a domain U" C U of points (x, v), where x € U’ and |v| < 5, on which
the map F acts diffeomorphically onto the image. Now find a neighborhood V' C M
of the point x such that V x V C F (U "). Tt is easy to note that this neighborhood is
the sought one, since the length of the segment of the geodesic y from x to exp, (v) is
equal to |v| (this follows from the arc length parameterization of the geodesic).

Lemma 4.7 is proven. O

In a neighborhood V' of a point x, introduce the coordinates which relateto y € M
the coordinates (v!,...,v"), where exp,(v) = y. These coordinates are called the
geodesic coordinates.

Lemma 4.8. In the geodesic coordinates, all Christoffel symbols at x are zero:
[l (x) =0.

Proof. In the geodesic coordinates the equation for the geodesic y(¢) with the initial
data y(0) = x and y(0) = v has the form y(¢) = tv. Writing down equation (4.15)
for this geodesic, we obtain o

L’ k=0
along the geodesic. Since the direction v at x can be chosen arbitrary, the Christoffel
symbols are identically zero at this point. Lemma 4.8 is proven. O

Lemma 4.9. Let 0 be a two-dimensional plane in Ty M and let ¥ be an embedded
two-dimensional surface formed by the geodesics drawn in the directions tangent to o
(i.e., ¥ = exp, (0 N By )) and endowed with the induced metric. Then the Gaussian
curvature of ¥ at x coincides with the sectional curvature of M at x in the two-
dimensional direction o.

Proof. Choose a basis 91, ..., 0, for Tx M such that (3;,9;) = g;j(x) = §;; and
construct the geodesic coordinates in V' for this basis. Without loss of generality we
may assume that o is spanned by d; and d5.

Since all Christoffel symbols are zero and g11g22 — gfz = 1 at the point x, the
Gaussian curvature X at x (calculated for the metric according to the Gauss theorem
(see §2.5)) is equal to

K — g12 1 g1 1 92822
ax19x2  20x20x2  20xloxl’

The expression for the sectional curvature K (o) becomes essentially simpler, too:

ory, ary
dx1 ax2

K(o) =
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Expanding the last expression, using (4.8), we obtain

R _ 9%g12 1 %g11 1 92822
12127 5319x2 ~ 209x20x2 2 9xlox!’

Lemma 4.9 is proven. O

For small ¢ the geodesics exp,, (fv) remain in the neighborhood V' (see Lemma 4.7);
moreover, the spheres exp, S(x,t), where Sx; = {v € TyM | |v| =t < n} =
0By, are submanifolds in M.

Lemma 4.10. The geodesics exp, (tv) are orthogonal to the spheres exp, (Sx,r).

Proof. Let v(s) be an arbitrary smooth curve on the sphere Sy ;/». It suffices to prove

that for the surface f(s,t) = exp, (fv(s)) the vector fields f; = % and f; = % are
orthogonal everywhere.
First of all show that

D
5, Js: J1) =0.

Since the connection is compatible with the metric, we have

D D D

s s = (2 s) + (5 pht)
It follows from the symmetry of the connection that the following identity holds for
every immersed surface f (s, t), which fact is verified by decomposition in the basis:

D D

Since the curves f(s,?) for fixed s are geodesics, we obtain

Df _
ot ’

and finally

D D 1D 1d
S fd = (i fi) = 3 oo ) = 3 G =0,

But fy = 0 at¢ = 0 and consequently (fs, f;) = 0 at# = 0 and hence everywhere.
Lemma 4.10 is proven. O

This lemma is a particular case of the following more general assertion: suppose
that ¥ is a hypersurface in M and f (s, t) is a family of geodesics parameterized by the
points s € X and ¢; moreover, f(s,0) € ¥ and the vector w is orthogonal to ¥
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(i.e., orthogonal to the tangent space of X). Then these geodesics are orthogonal to the
surfaces X; = {f(s,t) | s € X} forall ¢.

Coordinates x!, ..., x" in a domain W are called semigeodesic if the metric tensor
satisfies the conditions g;, = O0fori =1,...,(n — 1) and g,, = 1:

gijdxidxj = Z gijdxidxj + (dx™)*. 4.17)

1<i,j<n—1

Lemma 4.11. If x',..., x" are semigeodesic coordinates, then for every vector £ €
R the curve (x!,...,x""1) = £ isa geodesic with the arc length parametert = x".

Proof. From the formulas for the Christoffel symbols we obtain

. 1 (. dg; g
I _ ol Jjn nn | _
Lon 58 (2 o~ g ) 0

since all values g;, = 0 are constant. Similarly, we find that

18g,~j
Sy

The geodesic equations take the form

4+ Y rpdib42 Y or et 4T,

1<jk=n—1 I<j=n-1
=¥+ Y ThiF42 Y T =0
1<j.k<n—1 1<j<n—1
fori = 1,...,n. Obviously, every curve with X! = ... = x"~! = 0 satisfies these
equations fori = 1,...,n — 1. In this case the last equation for i = n takes the form
=0
and determines the arc length parameter ¢ = x” on the curve (x!,...,x""!) = £. The
lemma is proven. O

Lemma 4.12. Let x € M and let V be the neighborhood of Lemma 4.7. Then the
following holds.

(1) In the deleted ball exp, (Bx,y) \ x there are semigeodesic coordinates.

(2) Let yy be the unique geodesic of length < n lying in V and joining the points
x,y € V. For every piecewise smooth curve w: [0,T] — M joining x and y and
lying in V the length of w is not less than the length of yy and is equal to the former
only if the curves w and yy coincide.
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Proof. Take x!, ..., x"~! to be the coordinates on the sphere Sx,1 and let x” be an
arc length parameter on the geodesic starting at x. By construction, these coordinates
have the form (4.17) and therefore are semigeodesic.*

The proof of assertion (2) is similar to that of Theorem 2.11. Write down @ in the
semigeodesic coordinates and put w; = (&!,..., ®"1,0) and wy = (0,...,0,®").
Let y” be the nth coordinate of the point y. Then

T
L(yy) = »", /0 wy dt = y",
L(w) =/\/(w1,w1)+(w2,w2)dt 2/\/(w2,w2)dt >y

and, obviously, the lengths of w attain their minimum in the case w; = 0 and w, =
const. In this case it equals y" and the curve coincides with yy,.
Lemma 4.12 is proven. O

Theorem 4.2. Ifa curve w: [0, T] — M parameterized by the arc length is not longer
than any other curve from w(0) to w(T), then the curve is a geodesic.

The proof of Theorem 4.2 is simple: for every point x = w(¢) a small neighborhood
of the curve lies in a domain V (see Lemmas 4.7 and 4.12) and has a length less than 7.
By Lemma 4.12, this segment is a geodesic. Consequently the whole curve w is a
geodesic.

In the case of the Euclidean space the geodesics are line segments. Theorem 4.2
claims that for a general Riemannian manifold the geodesics are the natural analog of
straight lines as the shortest curves.

4For surfaces we gave another derivation of existence of semigeodesic coordinates (Lemma 2.10).
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The Lobachevskii plane and the Minkowski space

5.1 The Lobachevskii plane

Let R? be the two-dimensional Euclidean plane with coordinates x and y (in tensor
notation we assume that x is the first coordinate and y is the second).

Consider the upper half-plane # = {(x,y) | y > 0} and define on it another
metric

1
g1 =82==—7, &2=0,
y
or, which is more convenient in the theory of surfaces,
dx? + dy?
o e 5.1)
y
Using (4.8), we can easily find that
1 1
F121 = ;» Flz = Fll = I‘22 = ;

and the other Christoffel symbols are zero.
The geodesic equations take the form

2 1
¥—=%y =0, j+-—(*—y%)=0.
y y

We know that the length of a Velocity vector is preserved (it follows from the definition
of a geodesic that 2 (y » — 2( T L y) = 0); therefore, the value

x2+'2
y

(the square of this length) is a first integral. Another first integral, as we can verify, is

Problem 5.1. Suppose that y is a geodesic and its velocity vector v(z) = () at the
point y(t) is not vertical. Draw the straight line /(¢) through the point y(¢) (in the
Euclidean metric on R?) which is orthogonal to the vector v(¢). Then the x-coordinate
of the intersection point of /() and the Ox-axis is equal to /5.
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Theorem 5.1. The geodesics of the Lobachevskii plane (in terms of the Euclidean
metric on R?) are
(1) rays orthogonal to the Ox-axis;

(2) half-circles lying in the upper half-plane and crossing the Ox-axis at the an-
gle /2.

Problem 5.2. Prove Theorem 5.1.

(1 [

Figure 5.1. Geodesics on the Lobachevskii plane.

From Theorem 5.1 we obtain
Lemma 5.1. Arbitrary pairs of points of H are joined by a unique geodesic.

The Lobachevskii plane possesses the following fundamental property:
Theorem 5.2. The sectional curvature of the space ¥ is constant and equalto K = —1.
Problem 5.3. Prove Theorem 5.2.

It is essential that we introduce an abstract Riemannian metric on the upper half-
plane, since, by the Hilbert theorem, there is no immersion of the upper half-plane
into R3 such that the induced metric would be (5.1).

The group PSL(2, R) = SL(2, R)/Z; acts on #. The group SL(2, R) consists of
all real (2 x 2)-matrices

a b
(¢ 4)

ad —bc = 1. (5.2)

with determinant 1:

It contains the subgroup Z, constituted by the matrices

10 -1 0
(1) = (0 5)
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and this subgroup is normal. The quotient group SL(2, R)/Z, is denoted by PSL(2, R).
Its action on # has the form

b
CcZ

, A€PSL(2,R). 5.3
T d € PSL(2, R) (5.3)

Indeed, the following assertions can be verified straightforwardly:

Problem 5.4. Show that

(1)if Imz > 0 then Im 222 > 0;

cz+d
d —b
—C a

(2) A2(A1(2)) = (A2 - A1)(2);
determines the transformation inverse to (5.3);

(3) the matrix

(4) the subgroup I' generated by the matrices

cos@ —sing
sing  cos¢g
consists precisely of those elements which leave the point (0, 1) fixed.

Choose the following parameterization of the group SL(2, R). Since a? + ¢? # 0,
we can assume that

a =rcosg, ¢ =rsing.

Then condition (5.2) takes the form r cos ¢ -d —r sin ¢ -b = 1 and its general solution
depending on one parameter s € R has the form

b=—r"ltsing+scosp, d=r"cosg+ ssing.
The parameters r, s, and ¢ determine uniquely the elements of SL(2, R):

r Ccos ¢ —%Siﬂ(D-}-SCOS(p
r sin @ }cosgo—kssingo ’

where r > 0, s € R, and the parameter ¢ is defined modulo 2.

Problem 5.5. If we consider a, b, ¢, and d as real coordinates in the space R* identified
with the space of real (2 x 2)-matrices, then equation (5.2) determines a smooth sub-
manifold SL(2,R) C R* and the parameters r, s, and ¢ constructed above are smooth
coordinates.
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Note that in §1.4 we proved a similar assertion for the groups O(n).
Find the transformations in PSL(2, R) which take a point z = A 4 i i to the point .
The corresponding matrices in SL(2, R) are selected by the conditions
ab+cd 1
A‘ = -, M = —
a? + c? a? + ¢c?
and, using the above parameterization, we find that these are precisely the matrices
with
r=—, §=-——. 5.4)

Lemma 5.2. Every point of # can be transformed to the point (0, 1) and hence to any
other point of # by a transformation of PSL(2, R). The space H is naturally identified
with the space PSL(2, R)/ T of left conjugacy classes PSL(2, R) by the subgroup T'.

Proof. By (5.4), for every point z = A + iu € J, we construct a transformation
A € PSL(2, R) such that A(z) =i. Letzy,z, € # and A1(z1) = Az(z2) = i. Then
A;lAl(Zl) = Zjp.

Suppose that By(i) = B»(i). Then B;'Bi(i) = i and hence B;'B; € T.
Obviously, if B; !By € T then B1(i) = B»(i). The condition B; ' B; € T is equiv-
alent to the fact that B,I" = B;T'; i.e., these left conjugacy classes coincide. Since
PSL(2, R)(i) = #, it follows that J/ = PSL(2,R)/T.

Lemma 5.2 is proven. O

Assume that an action of a group G on a manifold M is given; i.e., a map
GxM—>M 5.5)

of the form (g, x) — g(x) such that g1(g2(x)) = (g1-g2)(x) for arbitrary g1, g, € G
and e(x) = x, where e is the identity of the group G.
Also suppose that

(1) the group G is a smooth manifold (see Chapter 7);

(2) the map (5.5) is smooth;

(3) for every pair x;,x, € M, there is at least one element g € G such that
g(x1) = xa.

If the action satisfies condition (3), then it is called fransitive.

If these conditions are satisfied, then M is called the homogeneous space of the
group G and is identified with the space G/ I’y of left conjugacy classes of the group G
by the stationary subgroup of an arbitrary point x (I'y = {g € G | g(x) = x}).

Under some natural additional conditions,' the homogeneous space carries the
canonical structure of a smooth manifold (see, e.g., [4]).

Now, we can restate Lemma 5.2 as follows:

'For example, if G is a compact Lie group and H = T’ is a closed subgroup in G (see Chapter 7).



5.1. The Lobachevskii plane 93

o JH is the homogeneous space of the group PSL(2, R).

In Riemannian geometry we are interested in the case when the group G acts by
isometries. Amap f: M — M is called an isometry if it preserves the length of every
smooth curve y: L(f(y)) = L(y). Obviously, this is equivalent to the fact that the
map fi: TM — TM preserves the lengths of all vectors.

Lemma 5.3. The group PSL(2, R) acts on K by isometries.
Proof. Write the metric (5.1) in the form
dzdz
(Im2)?’
A transformation A preserves the lengths of vectors if and only if
dzdz _ dA(z)dA(z)
(Im z)2 (Im A(2))? ~

(5.6)

Indeed, every vector v € T, M is written in the form wd + W, where § = %(8 x—10y).
The map A acts on tangent vectors as follows:

dA - 0A(2) -
Ay = Ay 4G = M1D5
0z 0z
0A(z) 0A(z) ww ww
Ay 2= d 2= ;
[4:)] dz 03z (Im A(z2))? and o] (Im z)2
i.e., condition (5.6) is proven.
It is immediately verified that
Imz 0A(z) 1

ImA(z) =

lcz +d|?’ 0z (cz+d)?

Inserting these expressions into the right-hand side of (5.6), we establish that every
A € PSL(2, R) preserves the lengths of vectors.
Lemma 5.3 is proven. O

Theorem 5.3. The group PSL(2, R) consists of all isometric transformations of #
preserving the orientation.

Proof. Every isometry takes geodesics to geodesics. Let 7" be an isometry of the
space J# which preserves the orientation and is such that B(i) = z.

Take a map A € PSL(2, R) such that A(i) = z. Then BA~! is an isometry which
leaves the point i fixed. By Lemma 5.1, each point of J is joined with the point i by
a unique geodesic. Therefore, since an isometry takes geodesics to geodesics, the map
BA™! is determined completely by the generated rotation 7; # — T; J of the tangent
space at the point i and each such rotation determines uniquely the isometry. But all
these isometries belong to the group I' and thereby BA™! € T'. Hence, B € PSL(2, R).
Theorem 5.3 is proven. O
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The Lobachevskii plane appears in many fields of mathematics. We will only point
out one of the most important properties of the Lobachevskii plane, namely it is a model
for non-Euclidean geometry.

The “Euclid’s fifth postulate” claims:

* Letl be a straight line on the plane and let x be a point on the plane not belonging
to l. Then there is a unique straight line parallel to the straight line | passing
through x.

The attempts to derive this axiom from the other postulates of the Euclidean ge-
ometry failed and finally led to development of non-Euclidean geometries. Namely, in
1825 Lobachevskii introduced the geometry with Lobachevskii’s postulate:

o Let | be a straight line on the plane and let x be a point on the plane not belonging
to l. Then there are infinitely many straight lines parallel to | passing through x.

Starting with this assertion, Lobachevskii proved that there should be infinitely
many such straight lines and that the sum of the angles of a triangle in such geometry
must be less than 7. Later, Bolyai independently arrived at the same conclusions.

The Lobachevskii plane is a model for such geometry.

Indeed, considering the geodesics as straight lines and assuming that straight lines
are parallel if they do not intersect, we conclude that on the space # homeomorphic
to the two-dimensional plane we implement the geometry which satisfies all Euclid’s
postulates except the fifth one. It follows from Theorem 5.1 that Lobachevskii’s pos-
tulate holds in this geometry. Moreover, the O x-axis is a “straight line at infinity”: the
length of every curve approaching this axis is infinite: this follows from the fact the
integral [ dy—y diverges as the lower limit tends to zero.

It is easy to verify that the sums of the angles of geodesic triangles are less than 7.
However, this follows from the Gauss—Bonnet formula whose proof given in §2.8 is
translated without changes to arbitrary two-dimensional Riemannian manifolds.

a] +ar o3 <7
o2

o1

o3

Figure 5.2. A geodesic triangle on the Lobachevskii plane.

The Lobachevskii space (or the hyperbolic space) H™ of dimension n > 2 is the
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upper half-plane x,, > 0 in R” with the Riemannian metric

_dxi+---4dx;

ds? 5
xn

and coordinates x1, ..., x,. For n = 2 we obtain the Lobachevskii plane. It is easy to
figure out that the sectional curvature of the space 4" is constant and equals —1. Every
space of constant sectional curvature K = —1 is locally isometric to the Lobachevskii
space of the same dimension and is the homogeneous space of the Lobachevskii space
of the same dimension under the discrete action of some group.

5.2 Pseudo-Euclidean spaces and their applications in physics

1

Let R!" be the pseudo-Euclidean space with coordinates x°, x!, ..., x" and the metric

(dx®)? — (dx")? —--- — (dx™)>. (5.7)

In the tangent space at each point we have the indefinite inner product

(v, w)1n = VOuw? —vlw! — . — ™",
The linear transformations which preserve this inner product constitute the group
O(1,n). The groups O(1, n) generalize the groups O(n) and their elements are given
by ((n + 1) x (n + 1))-matrices A satisfying the conditions

T+ (1 0 (1 0
A .(0 —ln)'A_(O —ln)’ (5.8)

where 1, is the identity (n x n)-matrix (the proof of this fact is similar to that of
Lemma 1.4).

Problem 5.6. Prove that equations (5.8) determine a smooth manifold of dimension
@ in the space of (n + 1) x (n 4+ 1)-matrices (Hint: see the proof of the similar
fact for the groups O(n) in §1.4).

The space R'3 arises in physics as the “space of events” in special relativity, the
spacetime (also called the Minkowski space). Therewith the metric

(dx%)? — (dx')? — (dx*)? — (dx*)?

is called the Minkowski metric. The coordinates x!, x2, and x3 are the spatial coordi-
nates and x° = ¢t is the time coordinate (here c is the speed of light and ¢ is time).
Therefore, if (v,v)1,3 < O then a vector v is called space-like; a vector v is called
time-like if (v,v)1,3 > 0; and if (v,v);,3 = O, then v is called light-like. The last
definition is grounded on the following physical base:
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* the speed of light is constant and equal to c in every inertial coordinate system.

Therefore, if x(¢) is a curve in R':3 along which a light ray propagates, then

() (F) () -
dt dt dt
The group O(n) has two connected components constituted by orientation-preser-
ving transformations and transformations which change the orientation (i.e., those with
det A = 1 and det A = —1). The group O(1, n) has four components: each family
of transformations preserving or changing the orientation splits also into two compo-
nents depending on whether the transformation changes the “time direction” or not:

(eo, A(eo))1,3 < 0 or (eg, A(eo))1,3 > 0, where e is the basis vector corresponding
to the coordinate x°.

Problem 5.7. Show that the group O(1, 1) consists of the transformations given by the

matrices
e 0Y\ (coshgp sinhg
(0 8) (sinh(p cosh (p) » ¢ER

where ¢,§ = +1, coshgp = (¢ + ¢7%)/2 and sinh ¢ = (e¥ — e ?)/2. For ¢ > 0 the
transformation preserves the time direction and for ¢ < 0, changes. For 6 = 1 the
transformation preserves the orientation, and for e§ = —1, changes.

Consider the following problem. Assume that we have two frames: K with coor-
dinates ct, x!, x2, and x> and K with coordinates c7, ¥!, X2, and ¥3. Suppose that for
t =t = 0 they coincide and the frame K moves along the Ox!-axis with a constant
velocity v with respect to the frame K (the frame K is inertial). Find formulas for
transition from one frame to the other.

Figure 5.3. A frame K moving uniformly along the Ox-axis.

In Galilean mechanics, time is universal and the transition formulas have the fol-
lowing simple form (Galilean transformations)

t=17, x'=x'4vt, x2=3x% x¥=3%
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In special relativity, we postulate that the distance (in metric (5.7)) between events,
i.e., points of the spacetime, is preserved under the passage to another inertial frame.
It follows that such a passage is given by an element of the Poincaré group, the group
of all motions of R!-3. This group is generated by translations and elements of O(1, 3).

Since the origins coincide for t = 7, the passage from K to K is given by a
transformation of O(1, 3). Decreasing continuously the velocity v to zero, we obtain the
identity transformation; hence the sought transformation preserves also the orientation
and the time direction (belongs to the same component as the identity transformation).
Since this transformation relates only to the coordinates 7, x! and 7, X!, it has the form

ct = cifcoshg + ¥'sinhg, x! =cisinhg + ¥'coshp, x2 =32, x3=33

For ! =0,
ct =cicoshg, x'=cisinhg

and, eventually, we obtain
1

x
— = tanh ¢.
ct
But the point X! = ¥2 = ¥3 = 0 moves along the O x!-axis with the constant velocity
v and hence
xt v
— = — = tanh¢.
ct ¢
Since
1 . tanh ¢
coshgp = sinh g =

V1 —tanh2<p’ VA —tanhz(p’

we obtain the final form of the Lorentz transformations:

1 - 1 -

t = —(z +x11), X = —— (%' 4 ).
1)2

V-2

If v is very small as compared with the speed of light,

1

/ v2

c2

then the Galilean transformations give a rather nice approximation to the Lorentz trans-

formations.

Indicate some obvious consequence of the obtained formulas known from popular
exposition of special relativity.

The rest length of an object is the length in a frame in which it is at rest. Suppose

that a rod has a rest length A/ being at rest in a frame K and its ends have coordinates

x! = a,b, where b —a = Al. In has a different length in the frame K: it follows

~ 1,
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that, according to the Lorentz transformations, at each fixed time { the difference of
the ¥!-coordinates of its ends is equal to

. 2
Al =[1-Z Al
C

ie.,
* the rod contracts in the direction of motion of the frame K.

Another “paradox” is the time dilation.

Suppose that a clock rests in a frame K. The time difference between two events
at the same points of the space (X!, X2, and X are fixed) in this frame is equal to A7,
while the time difference between these events in the frame K is equal to

At
At = ——;

2
v
1-=

i.e.,
* time in a moving frame delays.

General relativity, created in Einstein’s works, required already the whole machin-
ery of Riemannian geometry and essentially stimulated its development. According
to this theory, a gravitational field is a pseudo-Riemannian metric g;; on the four-
dimensional space M*. The metric has signature (1, 3), i.e., at each point (but not in
the whole domain in general) there is a change of coordinates which reduces it to the
Minkowski metric

3
gijdx'dx) = (dx°)* =) (dx")>.
i=1
The space M * is the space of events and can differ topologically from R*. The metric
itself must satisfy some nonlinear equations called the Einstein equations. They claim
that in vacuum (in the absence of other fields) the Ricci tensor of the gravitational field

is zero,
R =0.

If other fields are given (for example, electromagnetic) then the Einstein equations take
the form .
Rix — ERgik = Tik.

where R = g’ kR,-  1s the scalar curvature of the metric g;x and T is the so-called
energy-stress tensor of these fields. This equation describes the interaction of the
gravitational field with the other fields, while the behavior of the other fields themselves
is described by special equations (for example, by the Maxwell equations in the case
of an electromagnetic field).
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Problem 5.8. Suppose that R* = R x R3, 7 is a coordinate in R, and r, 6, and ¢ are
the spherical coordinates in R3 (see §2.7). Show that the metric?

d 2
di* = (1 - r_g) c2dt? — lLrg —r%(d6? + sin®> 0dp?), r, = const > 0,
r JE—
P

satisfies the Einstein vacuum field equations R;; = 0.

2This metric is called the Schwarzschild metric and describes stationary black holes.
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6

Minimal surfaces and complex analysis

6.1 Conformal parameterization of surfaces

Let M and M be Riemannian manifolds with respective metrics gjx and gjx. A
smooth map f: M — M is conformal if it preserves the angles between tangent
vectors. Formally, this is written as follows:

m
() LU0
where A(x) is a function on the manifold M, f(x) = (f'(x),..., f4(x)),x',..., x?
are local coordinates on the manifold M, p = dim M, and ¢ = dim M . Tt is obvious
that p < gq.

Riemannian manifolds are conformally equivalent if the map f is a diffeomor-
phism.

A Riemannian manifold of dimension n is conformally Euclidean if a neighborhood
of each point is conformally equivalent to a domain of the n-dimensional Euclidean
space. In this case the linear coordinates x!, ..., x" in the Euclidean space determine
coordinates on the manifold in which the metric takes the form g;x = A(x)§;x (such
coordinates are called conformally Euclidean coordinates).

dx’ dx* —)L(x)gjk(x)dx/dx

Theorem 6.1. Each two-dimensional Riemannian manifold is conformally Euclidean.

This theorem cannot be generalized to manifolds of greater dimension. We begin
the proof of the theorem with the following lemma:

Lemma 6.1. Let u and v be local coordinates in a neighborhood of a point p on a
surface ¥ and let Edu® + 2Fdudv + Gdv? be a metric on . Suppose that, in a
neighborhood of p, there exist conformally Euclidean coordinates x and y. Then they
satisfy the following two equivalent systems of equations:

ox _ ;(S_y,; _ 3_yF)
ou  VEG - F2\ v u ©.1)
0x _ ;(% _ a_yG) '
v JVEG-—F2\dv ou )’
9 1
ou EG — F2\ v ou

(6.2)
)
v JVEG-F2\ v ou )
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Proof of Lemma 6.1. Rewrite the equality

Adx? 4 dy?*) = Edu® + 2Fdudv + Gdv?

dx ax  \? dy dy 2)
A - - - -
((audu+ avdv) +(8udu+ 8vdv)

= Edu® + 2Fdudv + Gdv?.

as

It is equivalent to the system of equations

2 2
() () re
ou ou

dx dx  dy dy 1
— 4+ =L =)\""F
u v + u v ’

ax\> (8y)2 1
=) +(=) =176,
(81}) dv

which is written in the form of two systems of linear equations

(B0 4F)-@ e

kD) _)
The area element is the 2-form

NVEG — F2du ndv = Adx Ady =A(a—x8—y—a—xa—y)du/\dv.

where

b
I
—
QLO|
gt
Q|
c‘<:|‘<

oudv  0dv du
Hence,
AdetA =~VEG— F2.
Therefore,

A dy  _dy
Al = & v u
VEG — F2 (—g—i S—ﬁ)
and, solving formally systems (6.3), we obtain (6.1) and (6.2).
Solving (6.1) for g—i and g%, we obtain (6.2). Similarly, solving (6.2) for g—z and g—’;,

we obtain (6.1). Consequently, these systems are equivalent. Lemma 6.1 is proven.
O
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To draw the analogy to the multidimensional case, denote u = w!, v = w?,

g11 = E, g12 = F,and go» = G. Introduce the following differential operator acting
on functions on a Riemannian manifold:

where ¢ = detg;i. It is called the Laplace—Beltrami operator. For the Euclidean
metric it coincides with the usual Laplace operator

82
A= L 6.4
2 @y oy
This operator depends on the Riemannian metric on the manifold and is independent
of the choice of coordinates. The latter is established as follows. Let p be an arbitrary
point on the manifold and let U be its neighborhood with coordinates xt X
Consider all possible smooth functions on the manifold vanishing outside U. Define

the inner product of their gradients by

k9% 0V o
x/ 9xk

(grad ¢, grad ¥) = fU g

where do = /gdx' A .-+ A dx". It is obvious that the value of the integral is
independent of the choice of coordinates, since such is the integrand. Integrating by
parts, we obtain

(grad ¢, grad ¢) = —f Ag - ¥ do.
U

Since the function  is arbitrary, the value Ay is independent of the choice of coordi-
nates everywhere.

Lemma 6.2. [fx andy are twice continuously differentiable functions satisfying system
(6.1) (or the equivalent system (6.2)) then

Ax = Ay =0. (6.5)

The equation Agp = 0 is called the Beltrami equation and its solutions are called
harmonic functions on the Riemannian manifold. In the case of the Euclidean space
we obtain the usual Laplace equation and harmonic functions.

Proof of Lemma 6.2. Since the function x (u, v) is twice continuously differentiable,
we have
Px  x
dudv v du

or, by (6.1),

= (- a0) - alm=m (e -ar)) =0
u\VEG — F2\ v ou W\VEG — F2\ dv ou '
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It is easy to verify by straightforward calculations that the latter equation has the form
Ay = 0. Similarly, we prove that Ax = 0. Lemma 6.2 is proven. O

We give the following lemma without a proof, which can be obtained in the frame-
work of the theory of elliptic partial differential equations.

Lemma 6.3. If, in a neighborhood of a point p, the coefficients E, F, and G of the
metric tensor are n times continuously differentiable with respect to u and v (i.e.,
belong to the class C"), where n > 2, then in some sufficiently small neighborhood
of p, there exist

(1) a solution x(u, v) of class C™ to equation (6.5) such that

ax > ax )
— ] + = 0
( ou ) ( v ) 7
in this neighborhood;

(2) a solution y(u, v) of class C" to equation (6.2).

For the Euclidean metric this assertion is obvious. For the proof it suffices to
construct x (u, v) and then y (u, v) is found from first-order linear differential equations.

Lemma 6.4. If x(u,v) and y(u, v) satisfy equations (6.1) and (6.2), then the Jacobian
of the map (u,v) — (x,y) is equal to
dxdy dxdy 1
udv wou JEG— F2
ax ax

where V = (%, —ﬂ) and the inner product is taken with respect to the metric on the
surface.

. V).

The proof of Lemma 6.4 is obtained by straightforward substitution:

dx dy  dx dy

oudv  0Jv du
0x 1 dx ax ) ox 1 ( ax ax )
S ) ) e p— A
du \/EG—F2( v +8u v VEG—F2\ v +8u

1 2 dx d >
= e (o) 2 o (5))
EG — F? ou du dv v
1
= —7—=WV).
VEG — F?
Lemma 6.4 is proven.
Now, the proof of Theorem 6.1 is plain: using Lemma 6.3, find C”-smooth solutions
x(u,v) and y(u, v) to equations (6.1) and (6.2). By the choice of the solution x (u, v),
the vector V' is nowhere zero in a neighborhood U of the point p € X. Therefore, by
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Lemma 6.4, the Jacobian of the map (1, v) — (x, y) is nowhere zero in U. Moreover,
by the inverse function theorem, we can choose the neighborhood U so small that the
map is invertible init: the functions x and y determine new local coordinates. It follows
from (6.1) and (6.2) that in these coordinates the metric takes the form A(dx? + dy?);
i.e., the map (u4,v) € U — (x, y) determines a conformal equivalence.

Theorem 6.1 is proven.

Having conformally Euclidean coordinates x and y on a surface, we construct the
complex-valued conformal parameter

z=x41iy

whose usage connects the theory of surfaces and complex analysis.

6.2 The theory of surfaces in terms of the conformal parameter

Let r: U — R3 be a regular surface in the three-dimensional Euclidean space. By
Theorem 6.1, in a neighborhood of every point of the surface we can choose the
conformal parameter z = x + iy. For simplicity, assume that the parameter z is given
in a domain U C C.

The conformality condition means that the first fundamental form has the shape

I = A(z,2)(dx? + dy?) = A(z,Z)dzd?z.

Since
I = (r;,r;)dz>+ (rs,r;)dz* + 2(r;, r;)dzdz,
the condition for conformality of the parameter z is equivalent to the equations
Mz, 2)
2 b

(rz,rz) =(rz,rz) =0, (rz;,rz) = (6.6)
where the subscripts z and z denote the derivatives with respect to the corresponding
variables and (-, -) is the usual inner product in R* extended by linearity to C3:

3
VW)=Y vw/, v.wec.
j=1

Since the surface is regular, at each point, the vectors r, rz, and n, where n is
the normal to the surface, constitute a basis for C3. Indeed, it follows from regularity
that r, ry, and n constitute a basis for R3; moreover, r, = (ry, — iry)/2and r; =
(rx +iry)/2;ie., r; and r; are expressed linearly in terms of r, and ry, over the field
of complex numbers.
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Write down the derivational equations (see §2.4) in terms of the conformal pa-
rameter. These equations define the deformation of the frame r,, rz, n and have the

9 rz rz rz rz
—|rz|=U\|rz|, —|rz|=V|r:
0z 0z n

Find the matrices U and V. First of all introduce two additional functions which play
the role of the Christoffel symbols:

A= (rz;;,n), B =(r;zn).
Note that the function A4 is complex and the function B is real.

Lemma 6.5. The matrices U and V have the form

(In 1), 0 A

U= 0 0 B,
—2B/A —24/A 0
0 0 B
V= 0 (In)); A
—2A4/A —2B/A 0

Proof. We will only find the form of the matrix U, since the derivation for the other
matrix is similar.
By definition, r,; = Uy1r; + Uar; + Upsn. Note that

Uiz = (rZZan) =4

and from (6.6) we obtain the following equalities:

A
UIZE = (rzz,r;) = _8_(er r;) =0,

20z
A 0 1oA 19 104
Ung =(rzz.rz) = - (rz.r2) = (rz.rzz) = 5o — 5 oo (rz.r2) = 5o,

which imply Uy; = (InA); and Uy, = 0.
Similarly, r;; = Ua1r, + Usarz + Ussn,

U3 = (rzz,n) = B,

and it follows from (6.6) that

A 10
UZIE = (rzz,rz) = 55("2,"2) =0,

A 10
Uzzz = (rzz,r;) = Eg(rz,rz) =0.
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Consequently, Uy = U,y = 0.
By definition, we have n, = U3 r; + Usyr; 4+ Uszsn. Since (n,n) = 1, we have

10
Us3 = (n;,n) = Ea—z(n,n) =0.

Since, by definition, (n, r;) = (n,rz) = 0; therefore,

A 0
Usiz = (nz,rz) = ——(n,rz) — (n,rzz) = —B,
2 dz

Uz - = (nz,r;) = —(n,r;) — (n,ry;;) = —A,
2 0z

which implies U3; = —2B/A and Uz, = —2A4/A.
Lemma 6.5 is proven. O

Recall that the second fundamental form is equal to
II = (ryyx,n)dx?* + 2(rxy,n)dxdy + (ryy,n)dyz;
the roots of the equation

_ (rxx7n)_lk (rx ,n) _
F (")—det( (Fay. ) (ryy,r:)—kk)—o

are the principal curvatures k; and k5; their product is called the Gaussian curvature
K = kiks, and the half-sum is called the mean curvature H = (k1 + k2)/2.
Making straightforward calculations, we obtain

Lemma 6.6.

II = 2B + (A + A))dx? + 2i(A — A)dxdy + 2B — (A + A))dy?,

iy 2B K_4(BZ—A/I)
oA

The Gauss—Codazzi equations represent the compatibility condition for the system
of derivational equations:
U: -V, +[U,V]=0.

Making straightforward calculations, we obtain

Lemma 6.7. The Gauss—Codazzi equations take the form

(InA),s + %(32 — AA) =0, (6.7)
A; — B, + (In1),B = 0. (6.8)
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By the formula for the Gaussian curvature of Lemma 6.6, the first of these equations
is
K =-2(Ink);z

(the Gauss theorem). The second equation splits into two equations, since it claims that
the real and imaginary parts of its left-hand side, which is complex-valued in general,
are zero. Using Lemma 6.6, we can rewrite them in the form

A
AE - EHZ

The form = Adz? (which is not antisymmetric) is called the Hopf differential. It
is a quadratic differential. This means that if another conformal parameter w is given

on the surface, then the Hopf differential in terms of this new parameter has the form
Q = Adw?, where

2 2
A= (ryw,n) = (aa_j)) (rzz,m) = (3_;) A.

It possesses a series of remarkable properties whose proofs are left as an exercise (they
follow from Lemma 6.7):

Lemma 6.8. (1) The Hopf differential at p € X is zero if and only if p is an umbilic
point (i.e., the principal curvatures at this point coincide: k1 = k»).

(2) The Hopf differential is holomorphic (i.e., Az = 0) on a surface if and only if
the surface has constant mean curvature (H = const).

Now, the Bonnet theorem which claims that every surface is determined by the first
and the second fundamental forms (Theorem 2.6) takes the following form:

* a surface is determined uniquely (up to motions of R3) by the metric A dzdz, the
mean curvature H = 2B/, and the Hopf differential Adz?, provided that they
satisfy equations (6.7) and (6.8);

* every collection {A dzdz, H, Adz?} satisfying equations (6.7) and (6.8) deter-
mines a surface.

Note that there exist surfaces which can be smoothly deformed with the metric
and the mean curvature preserved, and these deformations do not reduce to motions of
surfaces in the Euclidean space.

Observe (without proof) that the spaces of holomorphic quadratic differentials on
closed surfaces are finite-dimensional.

Lemma 6.9. If Q2 is a holomorphic quadratic differential on the two-dimensional
sphere S?, then Q = 0 everywhere.
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Proof. The two-dimensional sphere is covered by two charts each of which is identified
with the complex plane. The complex coordinates z and w in these charts are connected

by the transition formula
w=1.
z
We see that the sphere is obtained from the z-plane by addition of a point at infinity with
the coordinate w = 0. If a(z)dz? and B(w)dw? are the expressions of the differential
2 in these charts, then in the domain z # 0 in which both coordinate systems are

defined, we obtain

2
B(w)dw? = ﬂ(w(z))(f{—w) dz? = B(w(z))z*dz? = a(z)dz>.
Z

Since the value of the function B(w) at w = 0 is finite, it follows that the holomorphic
function o on the z-plane has the asymptotic expansion

a(z) = O(%) as z — oo.
z

But a holomorphic function decreasing at infinity is equal to zero everywhere.
Lemma 6.9 is proven. O

From this lemma we obtain

Theorem 6.2 (The Hopf theorem). If a sphere immersed in R has a constant mean
curvature H, then it coincides (up to parallel translation) with the standard sphere of
radius 1/H.

Proof. Assume that the mean curvature is constant: H = const. It follows from
Lemmas 6.8 and 6.9 that A = 0. Lemma 6.5 implies that n, = H r, which yields

n=Hr +c,

where ¢ is a constant vector. If H = 0, then the normal vector is constant and the
surface cannot be a sphere (it lies completely in the plane orthogonal to this vector). If
H # 0, then we translate the surface by ¢/H: r — F = r + ¢/H. For the translated
surface we obtain: (H¥, Hi) = (n,n) = 1 and eventually (¥, 7) = 1/H?.

Theorem 6.2 is proven. O

6.3 The Weierstrass representation

From the derivational equations (Lemma 6.5) we find that the following equation holds
for an arbitrary surface:
r;z = Bn s



112 Chapter 6. Minimal surfaces and complex analysis

which together with Lemma 6.6 gives

1
r;; = EH)M' (6.9)
In terms of the conformal parameter the Laplace—Beltrami operator becomes
4 2
A=— 9 -
A dzoz
and therefore (6.9) takes the form
Ar =2Hn. (6.10)

From (6.10) we obtain

Lemma 6.10. A surface is minimal (H = 0) if and only if its coordinate functions
which describe its immersion into R3 are harmonic.

It follows from (6.9) that the complex-valued vector function r, for minimal sur-
faces is holomorphic. By condition (6.6), it also satisfies the equation (r,,r,) = 0. It
turns out that the formal validity of these conditions for a vector function ¢ is sufficient
for the equality ¢ = r; to hold for some conformally parameterized minimal surface.

Lemma 6.11. Let U C C be a simply connected domain and let ¢: U — C3 be a
vector function such that

(1) @ is holomorphic (i.e., each component ¢; is holomorphic);

2 ¢ +¢3 + 93 =0

(3) ¢ has no zeros: (U) C C3\ {0}.

Then there is a regular minimal surface r: U — R3 such that ¢ = r, and z is the
conformal parameter on it.

Proof. Suppose that ¢; = a; + ib;, where a; and b; are real functions. The fact
that ¢; is holomorphic means that the Cauchy—Riemann conditions are satisfied:

) 1((da; 0b; da; b
Dby = (2% 05 (%4 i) Z
gz @ T ibi) 2((8x 8y)+l(3y+3x

In particular, the fact that the imaginary part % is zero means that the 1-form w; =
ajdx —b;dy is closed: dw; = 0. Take an arbitrary point zo € U and define a smooth
real-valued function .

fie) =2 / @

20
on U. Since U is a simply connected domain, by the Stokes theorem, the value of the
integral is independent of the choice of the curve in U joining zo with z. Straightforward
calculations demonstrate that
s _

s
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Consequently, the functions f1, f2, and f3 determine a map

r:U— R, r=(f1, 2 f3)

such that r, = ¢. Since (U) C C3 \ {0}, this map has full rank at each point, i.e., is
an immersion.

It follows from (¢, ¢) = 0 that z is a conformal parameter on the immersed surface.
Since r,; = 0, this surface is minimal by Lemma 6.10.

Lemma 6.11 is proven. O

From the above lemma we obtain the following theorem:

Theorem 6.3 (The Weierstrass theorem). Let U C C be a simply connected domain
and let Yr1,Y2: U — C be holomorphicfunctions such that |1 |? + |¥2|? is nonzero
everywhere in U. Let (x},x3,x3) € R* and p € U be given points.

Then the formulas'

((1//1 Y3)dz + (Y7 — ¥3)dz),

x'(z) = x5 + 3

20

(2) = 22— / (V2 + y2)dz — (2 + 2)d3), 6.11)
x3(z) = x3 +/ (V1Y2dz + Y1 Yad?)

determine an immersion of the minimal surface into R3. The induced metric has the
form

(11> + [¥2]*)?dzdz.

Every minimal surface in R? in a sufficiently small neighborhood of every point
admits such representation.

Proof. The general solution to the equation
oi +93 +93 =0

is representable as

1 .
o= E(‘”lz —V2). 2= —%(%2 +Y3), 93 =YY (6.12)

moreover, to every nonzero solution ¢ there correspond two pairs (Y1, ¥>) and
(=1, —¥2). The vector function ¢ is holomorphic, since such are ¥; and ¥,. It
follows from here and Lemma 6.11 that formulas (6.11) determine a conformal im-
mersion of U into R3 and the constructed surface is minimal. The form of the induced
metric Adzd?Z is established by elementary calculations: 2(r,, rz) = A.

!Usually, the Weierstrass—Enneper formulas are formulated in terms of f = 1/}12 and g = Yo /Y.
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It follows from (6.12) that, in a neighborhood of every point of a minimal surface, r,
admits such parameterization and hence the surface is representable in the form (6.11).
Theorem 6.3 is proven. O

Before giving examples of minimal surfaces, we observe the following fact.
Theorem 6.4. In R3 there are no minimal compact surfaces without boundary.

Proof. By the maximum principle, a nonconstant harmonic function f (i.e., such that
fzz = 0) defined in some domain of C cannot take its maximal value at an interior
point of the domain. Suppose that ¥ is a minimal compact surface without boundary
immersed into R3. Sinceitis compact, each coordinate function x/ attains its maximum
on this surface. Suppose, for definiteness, that x! attains a maximum at a point p. In
a neighborhood of p, there is a conformal parameter z such that x Zl ; = 0 (by Lemma
6.10); i.e., a harmonic function attains its maximum at an interior point (X has no
boundary). This implies that x! is constant on the surface. Repeating this argument
for xZ and x3, we prove that all coordinate functions must be constant. The so-obtained
contradiction proves Theorem 6.4. O

Examples of minimal surfaces. (1) Plane: 1 = 1,¢, = 0.

(2) Catenoid (Figure 6.1):

a a
£, l/fzzi, a€R,a>0.
V2 V2z
This is a minimal surface of revolution. Here z € C \ {0} and the domain of
variation of z (the plane with a deleted point) is not homeomorphic to a disk. However,

Y1 =

Figure 6.1. Catenoid.

in Theorem 3 we imposed this requirement on the domain to guarantee that the integrals
in (6.11) are determined uniquely. In the case of the catenoid these integrals are
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determined uniquely and the catenoid is an embedded (i.e., without self-intersections)
minimal cylinder. We already pointed out this surface in Problem 2.14.
The explicit formulas for the catenoid are

x' = acoshu cos v, x2 = a coshu sin v, x3 = au,

where z = %tV From these formulas we see that the catenoid is described by the
equation

3
(x"H? + (x*)* = cosh? (X—) .
a
(3) Helicoid (Figure 6.2):

_ Javi _ Javi
Wl——ﬁ , W2——ﬁz,

This is a line surface obtained by uniform revolution of a straight line / intersecting
the axis of revolution and orthogonal to it and simultaneous uniform translation of /
parallel to the axis of revolution; moreover, the ratio of the speed of translation and the
speed of revolution equals a.

Here again z € C \ {0}; however, in this case the integrals in (6.11) are not
determined uniquely. To retain univalence, delete the negative real half-axis R_ =
{z=x+1iy|x <0,y =0} from C. Eventually, we obtain one turn of the helicoid
corresponding to one revolution of / around the axis of revolution. Now, we have to
extend analytically the embedding, by gluing the upper coast of one copy of C \ R_
with the lower coast of another such copy, and so on.

a€R,a>0.
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Figure 6.2. Helicoid.

The explicit formulas for the helicoid are

x! = a sinh v sin u, x? = a sinh v cosu, x3 = au,
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where z = ¢/ F1v) = V=4 Hence, the helicoid is given by the equation

3 1

X X

tan — = —.
a x2
The catenoid and helicoid corresponding to the same value of the parameter a
are locally isometric: the functions ¥ which determine them differ by the factor v/i;
however, globally they are different: topologically, the helicoid is an embedded plane,
while the catenoid is a cylinder.

(4) The Enneper surface: 1 = 1,¥» = z. This surface is not embedded but,
like the previous surfaces, is complete in the sense that every geodesic on it extends
indefinitely.

Problem 6.1. Prove that the graph of the functionz = f(x, y) (in the three-dimensional
Euclidean space with coordinates x, y, and z) is a minimal surface if and only if

1+ fy2)fxx - 2fxfyfxy + 1+ fxz)fyy =0

(minimal surface equation).
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Elements of Lie group theory

7.1 Linear Lie groups

A smooth manifold G whose points constitute a group and all group operations are
smooth is called a Lie group. This means that:

(1) asmoothmap G x G — G, called multiplication, is given which relates to a pair
of points x, y € G their product xy;

2) (xy)z =x(yz)forallx,y,z € G;
(3) there is an identity element e € G such that xe = ex = x forall x € G;

(4) asmoothmap G — G, x — x~!, called inversion, is given which relates to each
element x € G the inverse element x~! € G such that their product is equal to
the identity e:

It is easy to show that the element x ~! meeting the latter equalities is unique.

A subgroup H of a Lie group G is a Lie subgroup if it is simultaneously a smooth
submanifold of G.

We have already indicated one example of a Lie group in §1.4, the real orthogonal
group O(n) which is an @—dimcnsional submanifold in the space R"” realized as
the space of real (n x n)-matrices. For the beginning, we will focus on other examples

of Lie groups realized by matrices.

(1) Complete linear group GL(n). Let R” be the n-dimensional vector space over
the field of reals. Choosing a basis e, ...,e, for R”, we relate each linear map
A: R" — R” with a unique (n x n)-matrix A = (ax) which determines the map in

this basis:
1 1

v ailr ... A1in v

v dyl1 ... dApp "

Although we know that a linear map is determined by a tensor of type (1, 1) (see §6.3),
in this chapter we enumerate the entries of matrices by two subscripts like in most
linear algebra courses. Thereby the space M (n, R) constituted by (n x n)-matrices is
identified with the Euclidean space R"” in which the coordinates are the entries a ik of
the matrices. Linear maps R” — R” are also called transformations of the (vector)
space R”.
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We denote by 1,, the identity transformation of the space R” and the identity (n xn)-
matrix which determines this transformation.

The complete linear group GL(n) = GL(n, R) is the group constituted by all
invertible linear transformations of the space R”.

Theorem 7.1. The group GL(n) is a noncompact Lie group of dimension n?.

Proof. The smooth function (determinant)
det: M(n,R) — R,

is defined on the space M (n, R); this function vanishes only on the matrices which
determine noninvertible maps. Consequently, each element A € GL(n) is contained
in GL(n) together with its neighborhood; therefore, GL(n) is an open set and conse-
quently an n2-dimensional submanifold in M (n, R) = R"*. Since the function det is
unbounded, the manifold GL(n) is noncompact (otherwise the function would attain its
maximum and minimum). Obviously, the operations of multiplication and inversion of
matrices are smooth as functions of the entries. Consequently, GL(%) is a Lie group.
Theorem 7.1 is proven. O

From Theorem 7.1 we immediately derive the following fact about the orthogonal
group O(n) introduced in §1.4.

Corollary 7.1. O(n) is a compact Lie subgroup of the group GL(n).

Here and in the sequel we identify elements of O(n) with the matrices which
determine them in some chosen orthonormal basis.
Corollary 7.1 is plain. The transformations in O(#n) are those which preserve the

inner product
n
(u,v) = Zujvj.
Jj=1
This is equivalent to the fact that

ATA=1, AecO®), (7.1)

where AT is the transpose of A (see §1.4). Consequently, all transformations in O(n)
are invertible and the embedding O(n) C GL(n) is a smooth map. Hence, O(n) is a
Lie subgroup of the group GL(n).

The assertion about compactness is also plain. It follows from (7.1) that

n

2 .
Zajkzl, j=1,...,n,
k=1

for each jth row of the matrix A € O(n). Therefore, all entries a; of the matrix A
are bounded in magnitude by 1: |a;x| < 1. Since the set of solutions to equation (7.1)
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is closed in R"” = M (n, R), the submanifold O(n) is a closed and bounded subset in
[R”z; consequently, it is compact. Corollary 7.1 is proven.

Subgroups of the complete linear groups GL(n) are called linear (or matrix) groups.
The following lemma has been already applied in §1.4 in the case H = O(n):

Lemma 7.1. Let H C GL(n) be a subgroup which is also a smooth submanifold in
a neighborhood of the identity 1, € GL(n). Then H is a smooth submanifold and
consequently a Lie subgroup of GL(n).

Proof. The fact that the subgroup H is a submanifold in a neighborhood U of the
identity matrix 1, means that in this neighborhood U N H is given as the zero set of
a smooth map F: U — R¥ whose Jacobian matrix has full rank (see Theorem 1.5).
Take A € H. This element has a neighborhood AU constituted by the points of the
form AB, where B € U. Since H is a subgroup of GL(n), the elements of H in AU
are determined by the equation F4(X) = 0, where F4(X) = F(A™'X). The Jacobian
matrix of the map F4: AU — RF at A has the same rank as the Jacobian matrix of
the map F at 1,,. Consequently this rank is maximal, and in a neighborhood of every
point A € H the subgroup H is a smooth submanifold. Lemma 7.1 is proven. O

(2) Unimodular (or special linear) group SL(n). Denote by SL(n) the level surface
det = 1 of the determinant, i.e., the set of points at which det = 1.

Theorem 7.2. SL(n) is a Lie subgroup of GL(n). It is noncompact and has dimension
n?—1.

Proof. 1t is easy to find that
ddet A

86111 A=1y,

Consequently, in a neighborhood of 1, the group SL(#n) is a smooth submanifold.
It follows from Lemma 7.1 that SL(n) is a Lie subgroup of the group GL(n). By
the implicit function theorem, dim SL(n) = dim GL(n) — 1. Since the entries are
unbounded on SL(n), this group is noncompact. Theorem 7.2 is proven. O

(3) Special orthogonal group SO(n). Take A € O(n). It follows from the equalities
det Adet A7' = landdet A = det AT thatdet A = %1 for A € O(n).
The group SO(n) is constituted by the matrices in O(n) with det A = 1.

Theorem 7.3. SO(n) is a connected component of the Lie group O(n).

Proof. First of all prove two lemmas.

Lemma 7.2. The group O(2) has two components constituted by the matrices of the

form
cos@  sing cos@  sing (7.2)
—sing cosg )’ sing —cosg )’ ’
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where ¢ € R. Each component is diffeomorphic to the circle S = {z € C | |z| = 1}
and the first of them coincides with the group SO(2).

Proof of Lemma 7.2. Take A € O(2). Denote
a b
()

a?+b>=c*+d*=1, ac+bd=0.

Equation (7.1) takes the form

The general solution to the equation a® +b? = 1 isrepresentable in the forma = cos ¢,
b = sing. Hence, ¢ = +£sing and d = Fcosg. Consequently, all entries of
O(2) have the form (7.2). The determinant of the matrices of the first form equals
det A = 1, while the determinant of the matrices of the second form equalsdet A = —1.
Lemma 7.2 is proven. O

Lemma 7.3. Let A € O(n). Then the vector space R" is representable as the direct
sum of one- and two-dimensional subspaces V; such that they are pairwise orthogonal;
ie, Vi LV fori # j, and each of them is invariant under A; i.e., A(V;) = V; for
all j.

Proof of Lemma 7.3. We proceed by induction on n. For n = 1 the assertion is trivial.
Assume that the lemma is proven for n < k. Take A € O(k). Write the characteristic
equation

det(A — Alg) = 0.

If it has a real root A, then there is a vector v € R¥ such that Av = Av. In this case
the space R¥ splits into the direct sum R¥ = R - v + (R - v)* of the one-dimensional
subspace R - v spanned by v and its orthogonal complement. Both subspaces are
invariant under A. Consequently, the restriction of 4 to (R - v)* is given by a matrix
A1 € O(k — 1). By the induction assumption, the assertion of the lemma is valid for
Aq. Therefore, it is also valid for 4.

If the equation det(4 — A1;) = 0 has no real roots, then take a complex root
and a complex vector w = wy + iw; € Ck, with wy, wy € R¥, such that Aw = Hw.
It is obvious that A(w; — iw,) = w(w; — iwy) and the vectors w; and w, generate
a two-dimensional invariant subspace R - wy + R - w,. Since the transformation A
is orthogonal, the orthogonal complement to R - w; + R - wy is also invariant. Now,
arguing as in the previous case, we derive the assertion of the lemma for A from the
induction assumption. Lemma 7.3 is proven. O

We turn to proving Theorem 7.3. To show that SO(n) is connected, it suffices to
deform every transformation A € SO(n) within SO(n) into the identity transforma-
tion 1,,. It follows from Lemma 7.3 that in an appropriate basis every element A € O(n)
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is representable as a block diagonal matrix

Ay 0
0 Ag
where the matrices A; are either one-dimensional (in this case they are equal to the
eigenvalues of the orthogonal transformation; i.e., +=1) or two-dimensional (in this case
they have the form (7.2)). In the latter case, changing continuously the angle ¢, we can
deform every matrix of the form (7.2) into the diagonal matrix with diagonal entries
equal to ==1. Hence, A is deformed into the element B which is given, in an appropriate
basis, by a diagonal matrix with £1 on the diagonal. Since det A = det B = 1, the
diagonal contains an even number of entries equal to —1. Split them into pairs and for
each pair choose the corresponding eigenvectors vy and v,. The restriction of B to
R:v; + R- vy is equal to —1,. This matrix has the first form in (7.2) for ¢ = 7 and,
deforming ¢ into 0, we take the restriction of B to this subspace into 1,. Repeating
this procedure for all pairs, we bring the matrix B to the form 1,, i.e., deform the linear
transformation A into the identity transformation. We have thus shown that SO(n) is
a connected manifold.
Let A € O(n) and det A = —1. The image of a smooth and invertible (i.e.,
diffeomorphism) map SO(rn) — O(n) of the form X — AX is the set constituted
by all matrices in O(n) with det = —1. Hence, the manifold O(n) splits into two

connected components on which the determinant has different signs. Theorem 7.3 is
proven. O

We outlined the proof of this theorem in view of the importance of the groups SO(n)
and the fact that its analogs for other groups are simpler but based on the same idea.

Problem 7.1. Using the real Jordan form of matrices, show that:

(a) for every n, the group GL(#n) has two connected components selected by the
sign of det A4;

(b) for every n, the group SL(n) is connected.

(4) General linear group GL(n, C). Invertible linear transformations of the vector
space C" over the field C constitute the group GL(n, C). Choose a basis eq, ..., e,
for C" and relate to each linear map A: C" — C” the (n x n)-matrix A with complex
entries which determines the map in this basis. Denote the space of such matrices
by M(n,C). The transformations A € GL(n,C) are determined by the condition
det A £ 0. Hence, as in the case of the group GL (%), we conclude that GL(n, C) is a
Lie group of (real) dimension 2n? = dim M (n, C).

(5) Unitary group U(n). Let C" be an n-dimensional vector space over the field C.
Denote by (u, v) the Hermitian product on C" which has the following form in an
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orthonormal basis e1, ..., ey,:
n
(u,v) = E u’ v/,
Jj=1

The transformation A € M (n,C) is unitary if it preserves this Hermitian product.
Obviously, it has the zero kernel and is invertible.

The space M (n, C) is naturally identified with C"* and hence with R2"* in which
the coordinates are the real and imaginary parts of the entries: Re a;; and Im a ;. Since
each linear transformation in M (n, C) determines a linear transformation R?” — R2”,
where R?” is generated over R by the vectors eq,ieq,...,e,,iey, the group M(n, C)
is naturally embedded into M (2n, R).

Theorem 7.4. The group U(n), constituted by all unitary transformations of C", is
determined in GL(n, C) by the equation

ATA=1,,
2

and is a compact Lie subgroup of GL(2n) of dimension n*.

Proof. The product of two unitary transformations and the inverse of a unitary trans-
formation are unitary. Therefore, unitary transformations constitute a group which we
denote by U(n). The Hermitian product can be written in the form

(u,v) = uTlnﬁ,

where u = (uy,...,u,)" andv = (vy,...,v,)" are vectors in C" written as (1 x 1)-
matrices. A matrix A € M(n, C) is unitary if and only if

(Au, Av) = u' AT1, 4% = (u,v)

for all u,v € C". This means that the following complex analog of equation (7.1)
holds: _
ATA=1,, AecU®). (7.3)

This equation is rewritten as the following system of 72 polynomial equations:
n
Firx = Z(Reamj Redapmik +Imap; Imapyi) —6;x =0
m=1
with1 < j <k <n,and

n
Gk = Z(Reamj Imapmr —Ima,; Reayur) =0,

m=1
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withl < j <k <n.
The functions Fj; and G determine the map

F: M®n,C) — R"™.

Prove that the Jacobian matrix of this map at 1,, € M(n, C) has full rank equal to n2.
Choose n? variables Reajr,1<j =< k <n, andImaj;,1 < j < k < n and calculate
the minor of the Jacobian matrix corresponding to these variables for A = 1,,:

2 forj=rk=s,j=k,

0F i . .
=31 forj=rk=sj<k,
oRea,g .
0 otherwise,
Gk )L forj=rk=s,
dlma,; )0 otherwise,
0F;k _ Gk

=0 forall j,k,r, ands.

dlma,s OReays

Consequently, by Lemma 7.1, U(n) is a smooth submanifold in R2"” of dimension
dimU(n) = dim R2"* — n2 = n2.

It follows from (7.3) that |a x| < 1. Therefore, U(n) is a bounded subset of R2"%,
since it is closed, it is compact. Theorem 7.4 is proven. O

The chain of embeddings
Umn)c M(n,C) C M(2n,R)
demonstrates that the group U(n) is linear.

(6) Special unitary group SU(n). It follows from equation (7.3) that |[detA| = 1
for A € U(n). The matrices in U(n) with det A = 1 constitute the subgroup which we
denote by SU(n).

Theorem 7.5. SU(n) is an (n> — 1)-dimensional Lie subgroup of the group U(n).

Proof. In M(n, C) the group SU(n) is selected by the same equations Fjx = G,z =0
as U(n) and one additional equation

det4 =1,

which we replace with
H(A) =Imdet A = 0.

This equation determines two components det A = =1 one of which is precisely
SU(n). The Jacobian matrix of the map F: M(n, C) — R"’*1 of the form

F(A) = (F(A), H(A))
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at the point A = 1, has full rank. To show this, complement the set of the variables
Reajr, 1 < j <k <n,andImaj, 1 < j < k < n, with the variable Imay,
and note that 31?5 — = latthe point A = 1,,. Using the calculations carried out in
the proof of Theorem 7.4, we conclude that the minor of the Jacobian matrix of the
map F corresponding to these n2 + 1 variables is invertible at the point 4 = 1, €
SU(n). Consequently, SU(n) is a smooth submanifold U(n) and dim SU(n) = n? —1.

Theorem 7.5 is proven. O

Problem 7.2. Using the complex Jordan form of a matrix, show that U(n) and SU(n)
are connected for all values of n.

7.2 Lie algebras

The tangent space of a linear group G C GL(n) at the identity 1, is a vector subspace in
M (n, R). Since a sufficiently small neighborhood of each invertible matrix in M (n, R)
consists of invertible matrices (this follows from continuity of the determinant), the
tangent space of GL(n) at each point coincides with M (n, R). Similarly, we can prove
that the tangent spaces of the group GL(#n, C) coincide with M (n, C).

Theorem 7.6. The tangent space T,G of the group G at the identity e is constituted
by:

(1) the traceless matrices
TrX =0

for G = SL(n);

(2) the anti-symmetric matrices
XTI—X, Xjk=—ij

for G = O(n);
(3) the matrices X € M(n, C) such that

ST _
X = —X, Xjk = —Xkj

for G = U(n);
(4) the matrices X € M(n, C) determined by the equations

Xjk = —Xxk; and Trx =0

for G = SU(n).
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Proof. Lety(t) = 14 Xt + O(t?) be a smooth curve in G passing through the identity
e =1 IfG = SL(n), thendety(t) = landdety(t) = 1 + Tr X -t + O(t?) = 1.
Hence, we find that Tr X = 0. Since the dimension of the space of matrices with the
zero trace coincides with dim SL(7), every such a matrix is realized as a tangent vector.

We have already given the proof for G = O(n) in §1.4 which can be generalized
to the case of G = U(n) as follows: y(¢)y ' (t) = 1, and from

p+ Xt + 0N+ XTt4+0*) =1, + X"+ X)t+ 00> =1,

we find that X T = —X. The dimension of the space of such matrices coincides with
dim U(n).

In the case G = SU(n) it suffices to combine the arguments for SL(n) and U(n).
Theorem 7.6 is proven. O

The deviation of a group from a commutative group is described by its commu-
tators [x,y] = xyx~'y~!. The vanishing of all commutators means that the group
is commutative. Given a Lie group G, we define on its tangent space at the identity
e € G the operation

_ 1%[x(0). y(@)]

7 9.2 att =0,

[ue, v]

where
_ 0x() _ 0y(s)
“ a0 ' T
This operation in a Lie algebra is called the commutator as well and can be defined
in a different way.
Suppose that {x/} are local coordinates in a neighborhood of the identity e € G
such that x/ (e) = 0 for all j. We can identify T,G with R*, where n = dim G, and
write down multiplication in terms of local coordinates in the form of a Taylor series

att =0, x(0)=y(0) =e.

(xy) =x/ +y/ + b,{lxkyl + (terms of order > 3), (7.4)
where x/ and yk are assumed to be the first-order terms. Then
[u, v}/ = (b,il — bl/k)ukvl = c,ilukvl.

Theorem 7.7. The operation [, | on the tangent space T, G at the identity of the Lie
group is linear in each variable and satisfies the relations

[u.v] = —[v. u], (7.5)
[, v], w] + [[v, w], u] + [[w,u],v] =0 (Jacobi identity). (7.6)



126 Chapter 7. Elements of Lie group theory

Equivalence of different definitions of the commutator and identities (7.5) and (7.6)
are proven by straightforward and simple calculations by means of Taylor series. We
leave them as exercises, observing that their detailed exposition can be found in [5].

A vector space (over some field) endowed with a commutator which is linear in
both variables and satisfies identities (7.5) and (7.6) is called a Lie algebra.

Ifey,..., e, isabasis foraLie algebra, then the commutator is determined uniquely
by its values on the basis elements:

k
lei,ej] = CijCk

(here the repeated index k implies summation). The constants clkj are called the struc-
ture constants of the Lie algebra.

Speaking of the Lie algebra of a Lie group, we mean the tangent space at the identity
with the commutator operation introduced above.

It is known that every finite-dimensional Lie algebra over R or C is the Lie algebra
of some matrix group.

A homomorphism of Lie groups G and H is a smooth map f: G — H which is
a homomorphism of the groups. Each such a map determines a map of the tangent
spaces at the identities which preserves the commutators, namely the homomorphism
of the Lie algebras

fv: g = h,

i.e., the linear map of the corresponding Lie algebras such that

Je(lu.v]) = [fa ), fo(v)] (7.7)

for all u,v € g = T,G. Indeed, equality (7.7) follows from the definition of the
commutator of elements of the Lie algebra in terms of the commutators of curves in
Lie groups:

52 ,
£ (0). 50y = LSOy OD

2 02 1=0
_ P foOD :
- b |, = UsE0). GO

Obviously, if Lie groups are smoothly isomorphic, then their Lie algebras are iso-
morphic. This simple assertion makes it possible to reduce a great part of the clas-
sification problem for Lie groups to problems of linear algebra. The Lie algebra is
constructed by the quadratic part of the multiplication rule (7.4) which determines the
multiplication in the group. The last condition is very strong and, roughly speaking,
allows us to reconstruct the whole Taylor series for multiplication: the structure con-
stants clﬁ ; determine completely multiplication in a sufficiently small neighborhood of
the identity (the Lie theorem). Detailed proofs and classification results can be found,
for example, in [5].
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As we will show now, the commutator of matrix groups has a simple form.

A one-parameter subgroup F(t) of a Lie group G is a subgroup F(¢) which is the
image of a homomorphism of Lie groups F: R — G, where R is the additive group
of reals.

Lemma 7.4. For linear groups G C GL(n) the one-parameter subgroups are the
subgroups F(t) = exp(Xt), where X € T,G.

Proof. Let X = 3F(0)/dt and denote by F the derivative of F with respect to #. Then

F(t) = lim Fe+D-FO) _

F(s)—1
0 S s—>0 N

"F(t)=XF(@)

and, solving the matrix equation
F = XF

with the constant matrix A and the initial condition F(0) = 1,, we obtain
1 2.2 1 n.n
F(t):exp(Xt)zln-i-Xt-i-EXt Fo b S X
n!
Lemma 7.4 is proven. O

For a subgroup eX? € G the element X is called the generator of eX* (for example,
one can often see the expression “the generator of rotations around an axis”).

Theorem 7.8. For linear groups G C GL(n) the commutator on the Lie algebras is
the usual commutator of matrices

X.Y]=XY -YXecg=T,GCMmnR).
Proof. We obtain

[exp(X1).exp(Y1)] = (1, + Xt + X2 4+ O(?)) (1, + Y1 + 1Y?1* 4+ 0(%))
(L= Xt + 3X22 + o) (1, — Y1 + 1Y22 + 0(?))
=1, +[X.Y]2 + 0@?)

and

182[exp(Xt),exp(Yt)] XYl
2 012 1=0
Theorem 7.8 is proven. O

The Lie algebras of matrix groups are denoted by the same but lower case letters
as the group. For example, g/(n) is the Lie algebra of the group GL(n).
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Examples of Lie algebras. (1) so(2) is one-dimensional and commutative:
50(2) = [R-el, [61,6‘1] =0.

(2) so(3) is generated by the matrices

0O 1 0 0O 0 O 0 0 1
e1=1-1 0 0), e=10 0 1], es=10 0 O
0O 0 O 0 -1 0 -1 0 O
satisfying the relations
lej. ex] = &lyer. (7.8)
where sj. ¢ = 1 if the permutation
1 2 3
j k1
is even, 85. = —1 if this permutation is odd, and 85. = 0 if at least two indices among

J,k,and [ coincide.

(3) su(2) is generated (over the field R) by the matrices

L) et W) e (0
eir=\_; 2], e=|1 2] ea=|.72
(—15 0 20 0

satisfying relations (7.8).
Let ey, e, e3 be a positively-oriented orthonormal basis for R3. Then the vector
products of these basis vectors satisfy relations (7.8), too.

(7.9)

N~ O
N—

Corollary 7.2. The Lie algebras so(3) and su(2) are isomorphic to the algebra of
vectors in R3 with the cross product operation.

(4) s1(2) is generated by the matrices

0 0 0
€1 = 1 , €2 =
—7 0 0

satisfying the relations

otk

O NI=
| [«

N[—=

N——

) ol

ler,es] =e1, [ez,e3] = —ea, [er,e2] = es.
Corollary 7.3. sl(2) is nonisomorphic to the algebras so(3) and su(2).

Indeed, the vector product [u, v] in R? is orthogonal to the vectors u and v. There-
fore, the equation [u, v] = u has no solution in the algebra so(3), and the generators
e1 and e3 of the algebra si(2) satisfy the relation [e1, e3] = e;.
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7.3 Geometry of the simplest linear groups

(1) SU(2). It follows from equations (7.3) that a matrix

4= (: 4)
belongs to the group U(2) C M (2, C) if and only if
ab+¢d =0, lal®>+|c|*=p*+|d*=1.
The additional condition that A € SU(2) C U(2) takes the form
ad —bc = 1.

Rewrite the first and last equations as the system of equations

a —c\(d) _(1

c a b] \0)"
Solving this system using |a|? + |c|*> = 1, we find that b = —C and d = a. We have
thus proven the following theorem:

Theorem 7.9. The group SU(2) C M (2, C) is constituted by the matrices of the form

where |a|?> + |b|?> = 1.
Corollary 7.4. The Lie group SU(2) is diffeomorphic to the three-dimensional sphere.

Indeed, the n-dimensional sphere is the submanifold R” ! determined by the equa-
tion
n+1

Yo =1,
j=1

and, putting a = x! 4+ ix? and b = x3 + ix*, we bring the equation |a|? + |b|?> =1
to the form of the equation for the three-dimensional sphere.

(2) Quaternions. The algebra H of quaternions is the four-dimensional algebra
over the field R with the summation and multiplication operations such that

(i) the summation and multiplication operations are associative; i.e.,

u(ww) = wv)w, u+@W+w =wu+v)+w



130 Chapter 7. Elements of Lie group theory

for u, v, w € H and satisfy also the conditions

v+w=w+v, Alv +w) =Av + Aw,
A+ =2+ pv, (Av)(pw) = (Ap)(vw)

forv,w e Hand A, u € R;

(ii) there exist linear generators 1, i, j, and k of the algebra H such that 1v = v1
for every v € H, and multiplication of the other generators is given by the rule

.

ij =—ji =k, jk=-kj=i, ki=—ik=j, i’=j?>=k*=-1.
(7.10)
These rules determine uniquely the multiplication operation which is noncommu-
tative and possesses one remarkable property: each nonzero element has an inverse.
Such an algebra is called a division algebra.
Adams’ theorem proven by topological methods claims that

* the dimension of a finite-dimensional division algebra over the field R can take
only the following values: 1, 2, 4, and 8.

All these cases are realized by the algebra of reals (dim = 1), the algebra of complex
numbers (dim = 2), the algebra of quaternions (dim = 4), and the Cayley algebra of
octonions (dim = 8).!

The four algebras indicated above exhaust all alternative division algebras. This as-
sertion generalizes the Frobenius theorem which claims that every associative division
algebra over the field R is isomorphic to either R, C, or H.

Put

G (0 (7)Y

The following lemma is proven by simple verification:

Lemma 7.5. The vector subspace in M(2,C) generated by these matrices with the
matrix summation and multiplication operation is isomorphic to the algebra of quater-
nions.

The matrices
ox =1i, o,=ij, o;=ik
are applied in theoretical physics and are called the Pauli matrices.

As in the case of the algebra of complex numbers, on the algebra of quaternions we
have the conjugation operation

g=ul+xi+yj+zk—qg=ul—xi—yj—:zk.

'The multiplication in the Cayley algebra is neither commutative nor even associative. This algebra is
an example of an alternative algebra, i.e., an algebra in which every subalgebra generated by two elements
is associative.
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We can immediately derive the formulas

v+w=0v+w, ITW=wW.

A quaternion ¢ is called imaginary if ¢ = —gq. It is obvious that the imaginary
quaternions are exactly those which have the form

qg=xi +yj+:zk.

The algebra H is normed; i.e., for each element ¢ we can define its norm |g| € R;
moreover, the following conditions are satisfied:

lv+w| <ol +wl, |vwl=|vlwl],
[Av| = |A||v] forv,w e H, A €R,
[v] >0 and |v] =0ifandonlyifv =0.

This norm is given by the formula
lal = V43 = Vu? +x2 + y2 + 22

and a quaternion q is called a unit quaternion if |q| = 1.
From Theorem 7.9 and Lemma 7.5 we immediately obtain the following lemma:

Lemma 7.6. The group SU(2) is isomorphic to the group of unit quaternions with the
multiplication operation.

(3) The groups SO(3) and SO(4). Henceforth we will identify the group SU(2) with
the group of unit quaternions, the linear space R* with the linear space of imaginary
quaternions and the linear space R* with the space of all quaternions.

If v is an imaginary quaternion and g € H, then

qvqg = quvq = —qvq

BN

and consequently gvg is also an imaginary quaternion. Therefore, for each g €
SU(2) C H we can define the linear map

R* 2 R®: Q) = qud. (7.11)
This linear map preserves the norms of elements,

QW) = lg[|v[lg]| = |v]

which are written in terms of the inner product (vi,v2) = x1x2 + y1y2 + 2122 as

follows:
lv] = v (v, ).
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Since
v+ w,v+w)=(v,v) +2(v,w) + (w, w)

and the norms of the elements v, w, and (v + w) are preserved under the action of Q,
Q preserves the inner product on R = Im H:

Q). Q(w)) = (v, w).

Two different elements g, and g, determine the same linear transformation if and only
if the following equality holds for each imaginary quaternion v:

(9291)v(q192) = v,

which is equivalent to the commutativity condition

(g291)v = v(q2q1)-

From relations (7.10) we can easily find that the quaternion g,g; commutes with each
imaginary quaternion if and only if it is real: g»q; = A1, where A € R. But, since
G241 is a unit quaternion, it must be equal to 1.

We have proven the following lemma:

Lemma 7.7. Formula (7.11) determines a homomorphism of groups
p: SU(2) — 0(3),
whose kernel is equal to {£1,} and consequently isomorphic to Z .

In terms of the entries a and b which are smooth functions on SU(2), the homo-
morphism p is written by simple formulas which imply that the map p is smooth, i.e.,
a homomorphism of Lie groups.

Since 1, € SU(2) goes into 13 and SU(2) is connected, the image of p lies in the
connected component of O(3) containing the identity, i.e., in SO(3).

Now, observe one general fact.

Lemma 7.8. Let f: G — H be a homomorphism of connected linear Lie groups
of the same dimension whose kernel is a discrete subgroup I' C G (in the topology
induced by the embedding, each point of I" has a neighborhood containing no other
points of I'). Then

(1) the differential of the map
f*l TgG —> Tf(g)H

is an isomorphism for each g € G;
(2) f(G)=H;
(3) the Lie algebras of the groups G and H are isomorphic.
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Proof. Since the homomorphism of Lie groups takes the one-parameter subgroups
exp(Xt) into subgroups exp( fx(X)t) and the kernel f is discrete, the map fx is an
embedding. Since dim G = dim H, the map f is an even isomorphism of the tangent
spaces at the identities. These tangent spaces at the identities are endowed with the
structures of Lie algebras and f, determines an isomorphism of Lie algebras.

Take g € G and let g be the Lie algebra of the group G. Each element in a
neighborhood of g has the form g exp(X), where X € g, and goes into f(g) exp(f«X)
under the action of f. Consequently, the differential f, at g has the same rank as at
the identity of the group. Hence, this rank is maximal everywhere.

Since f has full rank at each point and the dimensions of G and H coincide, the
image of f is a smooth submanifold f(G) C H. But f(G) and H are connected and
therefore coincide. Lemma 7.8 is proven. O

Applying this lemma to the map p: SU(2) — SO(3), we obtain

Theorem 7.10. The Lie group SO(3) = SU(2)/{+£1} is diffeomorphic to the manifold
which is obtained from the unit three-dimensional sphere in R* by identification of the
opposite points.

Indeed, p has rank 3 everywhere and the inverse image of each element p € SO(3)
consists of a pair of points g € SU(2).

The manifold SO(3) is an example of a real projective space RP" forn = 3, which
is defined as the manifold obtained from the sphere

S ={(x L) e R Y (6)? = 1

by identification of the opposite points. The following two simpler examples have
already appeared in the analytic geometry course: the projective straight line RP! and
the projective plane RP2.

Now, let g1, g2 be a pair of unit quaternions. With this pair we associate the linear
map # = R* — R* of the form

V> g1V s, (7.12)
By analogy with Lemma 7.7, we can prove the following lemma:
Lemma 7.9. Formula (7.12) defines a homomorphism of Lie groups
SU((2) x SU(2) — SO(4),
whose kernel is constituted by the elements (15, 1) and (=15, —15).

From the above lemma and Lemma 7.8 we derive

Theorem 7.11. The Lie group SO(4) is diffeomorphic to the manifold which is obtained
from the direct product of two unit three-dimensional spheres S x S3 by identification
of pairs (v, w) and (—v, —w).
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The Lie algebra so(4) of the group SO(4) is isomorphic to the direct sum of the Lie

algebras
so(4) = s0(3) @ so(3).

Here by the direct sum g & h we mean the Lie algebra constituted by the pairs
(X,Y), X € g,Y € h, with the commutator operation

(X1, Y1), (X2, Y2)] = ([X1, X2], [Y1, Y2)).

If g and h are the Lie algebras of the groups G and H, then g @ h is obviously the
Lie algebra of the direct product G x H.

Although so(4) = so(3) ®s0(3), itis easy to show that SO(4) is not homeomorphic
to the direct product SO(3) x SO(3).

Decomposition of the Lie algebra so(4) into the nontrivial direct sum of Lie algebras
is a paradoxical property of the dimension 4: for all other values of n the algebra so(n)
is not representable as the direct sums of nonzero Lie algebras. There is one more
peculiarity of the dimension 4 connected with this phenomenon: only for n = 4
there are pairwise nondiffeomorphic manifolds homeomorphic to R” (we have already
observed this in §3.2).
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Elements of representation theory

8.1 The basic notions of representation theory

Linear Lie groups have numerous applications and serve for studying abstract groups
by means of representation theory.
A representation of a group G is a homomorphism

p: G — GL(V),

where V' is a vector space called the representation space and GL(V) is the group of
its invertible linear transformations. If dim V' < oo, then the representation is called
finite-dimensional and dim V' is called the dimension of the representation.

A representation is real if GL(V') = GL(n, R) and complex if GL(V') = GL(n, C).
If a real finite-dimensional representation p on V' = R” is such that there is a nonde-
generate inner product which is preserved by all transformations p(g) with g € G or,
which is the same, if

p(G) C O(n) C GL(n),

where the subgroup O(n) is defined by this inner product, then the representation p is
called orthogonal. A finite-dimensional complex representation is unitary if it preserves
anondegenerate Hermitian producton V' = C". For brevity orthogonal representations
are also called unitary.

The notion of a unitary representation is naturally generalized to infinite-dimensional
representations in the case when V' is a Hilbert space: in this case preservation of the
Hilbert product is required. Henceforth we consider only finite-dimensional real or
complex representations.

A representation p is called faithful if its kernel contains only the identity e of the
group G: Ker p = e. Now, we can easily reformulate the definition of a linear group:

* a Lie group is called linear if it has a faithful finite-dimensional representation.

Here we do not specify that the map p must be smooth; we can show that this holds
automatically.
The general definition of a linear group is the following:
* a group G is linear if it is isomorphic to a subgroup of the group GL(n) for
some n.

Two representations p;: G — GL(V) and po: G — GL(W) are equivalent if
there is an invertible linear transformation

AV > W
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such that the equality
Ap1(g) = p2(9) A2V - W

holds for all g € G. Below, for enumerating or listing various representations, we do
not distinguish between equivalent representations.
A subspace V' C V is called invariant (under a representation p) if

pV' V'

for all g € G. Simple examples of nontrivial invariant subspaces are obtained by
summation of representations. Namely, a representation p; @ p, is called the direct
sum of representations p1: G — GL(V7) and p;: G — GL(V>) if it has the form

(p1 @ p2)(g) = (p1(g), p2(g)) € GL(V1) x GL(V2) C GL(V1 @ V>2),

where the embedding GL(V7) x GL(V,) C GL(V; @ V), roughly speaking, is im-
plemented by block matrices. In this case V; and V, are invariant subspaces of the
representation p; @ pz.

A representation is irreducible if it has no nontrivial invariant subspaces (i.e., dif-
ferent from the null space and the whole space V). The importance of this definition,
for example, for unitary representations is demonstrated by the following assertion:

Theorem 8.1. Each unitary representation p decomposes into the direct sum of irre-
ducible representations:

pP=p1D D pk.

Proof. We proceed by induction on dim V, taking the dimension over R for real rep-
resentations and over C for complex representations. For dim V' = 1 the assertion is
obvious. Suppose that it is proven for dim V' < k.

Let p: G — GL(V) be a representation with dim V' = k. If V' contains no
invariant subspaces, then p is irreducible and the assertion is proven. Let V; be a
nontrivial invariant subspace and let VIJ- be its orthogonal complement. Since p is
unitary, we have p(g) VlL C VIJ-. The restrictions of p to V; and V, = VIJ- determine
the representations p; : G — GL(V7) and p,: G — GL(V3) whose direct sum is equal
to p:

p = p1 D p2.

Since the dimensions of V; and V, are less than k, by the induction assumption, p;
and p, decompose into the direct sum of irreducible representations. Theorem 8.1 is
proven. O

The theorem implies that the classification of unitary representations of a group G
reduces to the classification of unitary irreducible representations of G.
The following theorem is simple but has fundamental consequence:
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Theorem 8.2 (Schur’s lemma). Let p1: G — GL(V) and p2: G — GL(W) be
irreducible representations connected by the relation

Ap1 = paA, (8.1)

where A: V. — W is a linear transformation. Then one of the following two possibil-
ities holds:

(1) A=0;
(2) A is an isomorphism.

Ifthe representations are complex and py = pa, then A is the operator of multiplication
by a constant A € C.

Proof. 1t is immediate from (8.1) that the kernel Ker A of the transformation 4 is
invariant under p; and its image Im A is invariant under p,. Since these representations
are irreducible, we have either Ker A = V and then A = 0, or Ker A = 0 and then
Im A = W and 4 is an isomorphism.

If the representation is complex, then A has an eigenvector v € V: Av = Av. If
p1 = p2, then the operator A — A = A — A - 1y, where 1y : V — V is the identity
transformation, satisfies the following relation of type (8.1):

(A—=2A)p1 = p1(A—2).
Since Ker(A — A) # 0, we have A — A = 0. Theorem 8.2 is proven. O

Corollary 8.1. If a group is commutative, then all irreducible complex representations
of the group are one-dimensional.

Proof. Let p: G — GL(V) be an irreducible representation and take 2 € G. Then the
relation

p(h)p(g) = p(g)p(h)

holds for all g € G. We conclude that the operator p(h) is the multiplication by a
constant Ay for each h € G; since this representation is irreducible, dim¢ V = 1.
Corollary 8.1 is proven. O

For real representations the assertion of the corollary is false. As an example we
can take the following two-dimensional representation of the group U(1) = R/2nZ
of rotations of the plane:

__ fcosgp —sing
¢'—>P(€0)—(Sin¢ cosq))'

The transformations p(¢) have no eigenvectors in R? for p(¢) # *£1,.
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The character of a representation p: G — GL(V'), where V is a vector space over
the field F = R or C, is a function

Xo: G — F:xp(g) =Trp(g).

Corollary 8.1 implies that an irreducible complex representation of a commutative
group “coincides” with its character.
The following properties of characters are well known from linear algebra.

Lemma 8.1. (1) y,(e) =dim V;
(2) xp(hgh™) = x,(g), i.e., a character is defined on the set of conjugacy classes;
(3) if representations p; and p, are equivalent, then their characters coincide:
Xo1 = Xo2>
(4) if a representation p decomposes into the direct sum of representations
P1,-- - Pk, then
Xo = Xo1 + -t Xog-

Proof. The proof of assertions (1) and (4) consists in computation of the traces of block
matrices, while the assertions (2) and (3) follow from the obvious identity

Tr(ABA™Y) =Tr B

where A and B are square matrices. O

Examples. (1) G = U(l) = R/2nZ. Let ¢ be a linear parameter on R which
determines the parameter on U(1) defined modulo 25r. The one-dimensional complex
representations have the form

pn(p) = €%,
where n € Z. The characters of these representations “coincide” with themselves:

Xn(@) = xp, (@) = €7,

All these representations are irreducible and, by Corollary 8.1, each irreducible complex
representation of the group U(1) has the indicated form. Since the characters y, and y,,
do not coincide for n # m, the representations p, and p,, are not equivalent. Hence,

{Pninez

is the set of all equivalence classes of irreducible complex representations of U(1).
Note that the representations p+; are faithful.

(2) G isthe n-dimensional torus 7" = U(1)" = U(1) x --- x U(1). Letoi, ..., ¢y

n
be linear parameters on the factors of the form U(1). By analogy with the case
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G = U(1) we prove that the set of irreducible complex representations of the group
T™ has the form

Pm (@1, ..., ¢0n) = exp(i(mi@1 + -+ + Mmupy)),

where m = (my,...,m,) € Z". All these representations are pairwise nonequivalent
and “coincide” with their characters y,,. The characters y,, constitute a Fourier basis
for the space of periodic functions. This is not a contingency, since character theory
provides a basis for harmonic analysis, the theory of the Fourier transform. Expansion
of a periodic function f(x) (or a function on a torus, which is the same) in a series in
the characters pg,:

f(x) = Zampm(x)

is called the Fourier series of a periodic function and the coefficients of the series are
called the Fourier coefficients.

Obviously, the representation p,, is unitary; moreover, the following general fact
is valid:

* every finite-dimensional representation of a finite group or a compact Lie group

is unitary.

We will prove this assertion for finite groups in §8 and discuss the idea of the

proof in the general case; meanwhile, below we restrict our consideration to unitary

representations.
Each real representation p can be complexified as follows. Let V' = R” be the
representation space and letey, . . ., e, be abasis for V. Put V€ = Ce;+---+Ce, and

to each transformation A: V — V relate the transformation A®: V& — V€ which
is given in the basis {e;} by the same matrix as A. The so-obtained representation
p€: G — GL(VY) is called the complexification of the representation p; it is obvious
that the characters of p and p® coincide:

X,O = Xp‘t'

Therefore, henceforth we restrict the exposition to complex representations.
In line with the tradition of monographs on representation theory, in the next two
sections we will write entries of the matrices A defining linear maps with two subscripts

Ale)) = aji f.

k=1

where A: C" — C", {e;} is a basis for C™, and { f } is a basis for C".
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8.2 Representations of finite groups

Recall that from now on we consider only complex representations. Let G be a finite
group and denote its order by |G]|.

Theorem 8.3. Let p: G — GL(n, C) be a finite-dimensional representation. Then
on C" there is a Hermitian product preserved by the operators p(g) and, hence, p is
unitary.

Proof. The proof is based on the averaging method. Let (-, -)o be some Hermitian
product on C”. Define the new Hermitian product to be

(v.w) =Y _(p(g)v. p(g)w)o. (8.2)

geG
It is obvious that (p(g)v, p(g)w) = (v, w) forall g € G. Theorem 8.3 is proven. [
Applying Theorem 8.1, we obtain

Corollary 8.2. Each complex representation of a finite group decomposes into the
direct sum of irreducible representations.

Unitary representations possess the following important property:

Lemma 8.2. If a representation p: G — GL(n, C) is unitary, then
2087 = Xp(8) forallg € G.
This assertion is valid for all (not only finite) groups.

Proof. Since the representation p is unitary, the matrices which define the representa-
tion in an orthonormal basis for C” satisfy the equation

p(& ik = P = p(Dij:
consequently, Tr p(g~') = Tr p(g). Lemma 8.2 is proven. O

Denote by L(G) the space of complex-valued functions on the group G. It is
isomorphic to the linear space C!C!. The isomorphism is plain: identify the generators
of C!¢! with the elements of the group and define the one-to-one correspondence:

feLG)«— Y f(g)-gecCldl
geG
Therefore, the elements of the group determine the natural basis {g}ge for L(G):

1 forh =g,

5(h) =
&) 0 forh # g.



8.2. Representations of finite groups 141

The group G acts on L(G) by left and right translations denoted by I and ry,:

b fe () =Y f@hg. m: frm(f)= f(@gh

geG geG

or, which is the same,

(&) = f(h™'g). rm(f)(g) = f(gh).

These formulas determine representations, since

I lns (F)(8) = lno () (7' g) = f(h3'hT'g) = Lnny ()(Q)

and similarly rj, 4, = rp,7n,. The representations /5, and ry, are called the left regular
and right regular representations and the representation space L(G) is called the group
algebra of the (finite) group G.

Regular representations act on the basis {g} by permutations; moreover, the per-
mutation corresponding to 2 € G is the identity permutation if and only if 4 is the
identity of the group: & = e € G. Hence, we obtain the following theorem:

Theorem 8.4. Regular representations are faithful, and therefore every finite group is
linear.

Define the following Hermitian product on L(G):

(ho f) = ﬁ S A@AE. 83)

geG

The basis {g}, g € G, is orthonormal with respect to this product; moreover, since the
left and right regular representations act on it by permutations, the following assertion
is valid:

Lemma 8.3. The left and right regular representations of G preserve the Hermitian
product (8.3).

Now, prove the following technical lemma:

Lemma 84. Let p: G — GL(n,C) and ¢: G — GL(m, C) be representations of a
group G and let A: C™ — C" be a linear map. Then the map A: C™ — C" given
by the formula

A= p(&) " 4p(g), (8.4)

geG

connects the representations p and ¢ by the following relation of type (8.1):

~ ~

pA = Ag.
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Proof. Write down p(h)/f in detail:

p(h)A = p(h) Y p(g) "' Ap(g)

geG

= pp(2) " Ap(g)

geG

> p(hg™) Ag(g)

geG

= 2 pa) T Ag(uh)

u=gh—leG

(22 pe0" (o)) p(h)

ueG
= Agp(h).

Lemma 8.4 is proven. O
We will need Lemma 8.3 for proving the following theorem:

Theorem 8.5. Let p: G — GL(n,C) and ¢: G — GL(m, C) be irreducible repre-
sentations given by unitary matrices: /o(g)j_k1 = p(g)k; and (,D(g)j_k1 = @(g)kj. Then
their entries satisfy the following orthogonality relations:

(orj . 9sk) = 0if p and ¢ are not equivalent, (8.5)
1
(prj’Psk) = ; ijrs- (3.6)

Proof. 1f the representations p and ¢ are not equivalent then, applying the Schur lemma
to the operator A corresponding to any linear map A: C™ — C", we obtain A = 0.
Now, write down the right-hand side of (8.4) in the matrix form:

aje =Y > p(Q); arse(8)sk-

geG 1,8

The right-hand side is a linear form of a;,,; since it is identically zero, all coefficients
of this form are zero:

> (@) (@i = 0.

geG

If the representations are given by unitary matrices, then this equality takes the form
(8.5).
Now, prove (8.6). For the operators A = A% with

a](-’];’S) = Sjr(sks’
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find their averages A given by (8.4) for p = ¢:

. 1 _ 1 _
a) = el > p(@)7u burbsup(&)vk = Tl > ()5 ()5
geG uv geG

By Lemma 8.4, each of the operators A9 satisfies identity (8.1):
/f(r,S)p — pA(r,S);

therefore, the Schur lemma implies that AT s the multiplication by a constant which
is obviously equal to

A= ! Tr AT,
n

But for p = ¢ the trace of the averaged operator coincides with the trace of the initial
operator:

A 1
TrA="Tr (? Z p(g)_lAp(g)) = Tr A.
Gl =%
Hence, we find that
1

_ 1 N 1
|G| Z ,o(g l)jrp(g)sk = Sjk(grs; Tr A(’>S) — ; jk&s-

geG

In the case when the matrix defining the representation is unitary this equality coincides
with (8.6). Theorem 8.5 is proven. O

Now, we turn to the corollaries of this theorem:

Corollary 8.3. Let p: G — GL(n,C) and ¢: G — GL(m, C) be irreducible repre-
sentations. Then
1 if p and ¢ are equivalent,
(Xps Xo) = .
0 otherwise.

To derive this corollary of Theorem 8.5, it suffices to note that Tr p(g) = > i P(&)jj
and that the characters of equivalent representations coincide, afterwards we are left
with applying relations (8.5) and (8.6).

Corollary 8.4. Let
pP=p1 DD px 3.7

be a decomposition of a representation p into the direct sum of irreducible represen-
tations. Then the number of factors equivalent to an irreducible representation ¢ is
equal to the Hermitian product of characters

(Xos Xo)

and hence decomposition (8.7) is unique (up to equivalence).
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Proof. Note that
(Xps Xo) = Z(Xp_; Xo)
J

and the right-hand side is equal to the number of the components p; equivalent to ¢.
This number is called the multiplicity of ¢ in p. Corollary 8.4 is proven. O
Corollary 8.5. Representations are equivalent if and only if their characters coincide.

Proof. Indeed, the previous Corollary 8.4 implies that the character determines com-
pletely the decomposition of the representation into irreducible representations and
each representation of a finite group has such a decomposition (Corollary 8.2). Corol-
lary 8.5 is proven. O

Corollary 8.6. If y is the character of p, then (x, x) is a positive integer equal to 1 if
and only if p is irreducible.

Proof. We only need to calculate
(0 =Y m?,
J

where m; is the multiplicity of the irreducible representation p; into the decomposition
of p in irreducible representations:

p=mip1 ® - D mgpk.
Corollary 8.6 is proven. O

Corollary 8.7. Each irreducible representation of a group G is contained in a regular
representation with multiplicity equal to its dimension.

Proof. The left and right regular representations are equivalent which follows, in view
of Corollary 8.5, from the coincidence of their characters that are equal to

|G| if g(= e) is the identity of the group G,

Hree(8) = 0 otherwise.

Now, let p: G — GL(C, n) be an irreducible representation of dimension #. Then

1 — 1
reg» — 1 AT — T~ G — b
(Xreg Xp) G| Xreg(€) Xp(€) G| |Gln=n

Corollary 8.7 is proven. O

Corollary 8.8. The order of the group G is equal to the sum of the squares of the
dimensions of its irreducible representations.
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Proof. Let py, ..., px be all irreducible representations of G and let my,...,my be
their dimensions. Then, by Corollary 8.7,

Hreg = ij)(pj’
J

and we conclude that
(Xreg’ Xreg) = |G| = ijz
J

Corollary 8.8 is proven. O

Denote by H(G) the subspace L(G) constituted by the central functions, i.e.,
functions satisfying the relation

f(x)= f(yxy™") forallx,y €G
or, equivalently,
Sf(xy) = f(yx) forallx,y€G.
The simplest examples of central functions are the characters (Lemma 8.1).

Lemma 8.5. Let f € H(G) and let p be a representation of G. Denote by Ay the
operator

Ar =) F(@p(g).

geG
Then
Afp = pAy.

The proof of Lemma 8.5 is carried out by simple verification:

Arpthy) = (- T@p(e))o)

geG
= > f(e)pgh)
geG
= Y S )p)
u=gheG
=Y f(h~Tu)p(u)
ueG
= p(h) Y f(h=Nwyp(h™ u)
ueG
=p(h) Y. fpw)
v=h"ly
= p(h)Ay.

Lemma 8.5 is proven and we now use it for proving the following fact:
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Theorem 8.6. The characters of irreducible representations constitute an orthonormal
basis for the space H(G).

Proof. Let f be a central function orthogonal to all characters. For f and the left

regular representation pr., We construct the operator Ar = ) gcG f(o)l ¢ Which must

by Schur’s lemma be the operator of multiplication by the constant A = Tr A¢ /|G |.
Calculate the trace of the operator Af:

TrdAr =Y @ Trpreg(®) = Y F(©)xree(8) = (f: Xrce)-
geG geG

From the fact that the character of a regular representation is a linear combination of
the characters of irreducible representations, we obtain the equality

(f. Xreg) =0,

which implies
Ar =0.
Since [ (é) = g, the action of Ay on é yields
Ar@) =Y f(®g=0.
geG

The functions ¢ are linearly independent in L (G) and therefore

f(g) =0 forevery g €G.

Theorem 8.6 is proven. O

Corollary 8.9. The number of irreducible representations of a group G coincides with
the number of conjugacy classes.

Proof. Each central function is given by its values on the conjugacy classes (x and y
belong to one class if x = gyg~! for some g € G) and the collection of these values
can be arbitrary. Hence, dim H(G) = k, where k is the number of conjugacy classes. It
follows from Theorems 8.5 and 8.6 that dim H (G) is equal to the number of irreducible
representations. Corollary 8.9 is proven. O

Now, Corollary 8.1 can be improved as follows:

Corollary 8.10. A finite group is commutative if and only if all irreducible represen-
tations of the group are one-dimensional.

Proof. We have
6= Y

moreover, if all m; are equal to 1, then G has |G| different irreducible representa-
tions. Hence, each conjugacy class contains exactly one element which is equivalent
to commutativity of the group. Corollary 8.10 is proven. O
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8.3 On representations of Lie groups

Compact groups. Many assertions proven in §8.2 for finite groups remain valid for
compact Lie groups. Moreover, the proofs are similar and are obtained by changing
summation over the elements of G with integration, i.e., “summation over a continuous
set of parameters”.

To define integration on an n-dimensional group G, we have to prescribe a measure:
a smooth n-form

dg = f(g)dx' A--- Adx",

where {x/} are local coordinates on G and f(g) > 0. The measure of aset U C G is
the value of the integral

pnU) = /Udg-

A measure is called right-invariant (left-invariant) if the form dg is invariant under the
right (left) translations:

m:G—G,g—gh (,:G— G, g— hg).

Lemma 8.6. (1) On every Lie group there is a right-invariant measure given by a
smooth n-form.

(2) On every Lie group there is a unique (up to multiplication by a constant) right-
invariant measure.

(3) A right-invariant measure on a compact Lie group is left-invariant.

Proof. Letc € R and C > 0. Take the form dg at the identity of the group G by the
formula
n

dg = cdx' A Andx
and at g € G by the formula
dg = cr;f(dx1 Ao Adx™).

It is obvious that every right-invariant measure has the indicated form and is deter-
mined completely by the constant ¢c. Measures corresponding to different constants
are proportional.

Suppose that the group G is compact and the measure dg is right-invariant. Its left
translations /,; d g are also right-invariant, since the left and right translations commute.
Hence, I;dg = cpdg, where ¢}, is a constant for each 1 € G. But

/dg:/l;dg:ch/dg
G G G

and hence ¢, = 1. Lemma 8.6 is proven. O

A two-sided invariant measure on the group G is called a Haar measure.
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Theorem 8.7. Let G be a compact Lie group.

(1) Each finite-dimensional representation p: G — GL(n, C) is unitary and de-
composes into the direct sum of irreducible representations.

(2) Let p: G — GL(m,C) and ¢: G — GL(n, C) be nonequivalent irreducible
representations given by unitary matrices. Then their entries satisfy the relations

1
(orj»®sk) =0, (orj, psk) = ;5jk5rs’ (8.8)

where :

Jodg

Assertion (1) is proven by analogy with Theorem 8.3 with the Hermitian product
(8.2) replaced by

(i fo) = /G A9 o) ds. (8.9)

(v.w) = /G ((2)v. p(g)w) dg.

Assertion (2) is proven by analogy with its analogs for finite groups (Theorem 8.5)
with (8.3) replaced with (8.9). Here the volume f ¢ dg of the group is the analog of the
order |G| of the group G.

The proof of the analog of Theorem 8.4 is essentially more complicated; we give
the corresponding assertion without proof.

Theorem 8.8. Each compact Lie group has a faithful finite-dimensional representation
and consequently is linear.

Note that

* there are noncompact Lie groups which have no faithful finite-dimensional rep-
resentations.!

Denote by L,(G) the space of complex-valued square integrable functions on G
with the inner product

1
Jodg

This space contains all smooth functions and, in particular, the entries p;r of the
operators defining representations. Relations (8.8) demonstrate that these matrix entries
constitute an orthogonal system.

In the case of a finite group this system contains exactly |G| different functions
(Corollary 8.8) and, since dim L(G) = |G|, we obtain

W 0) = /G ¥(2)9(@) ds.

Theorem 8.9. The entries irreducible unitary representations of a finite group consti-
tute an orthogonal basis for L(G).

'Such an example is given by the group SL(2, R), the universal covering group of SL(2, R) (see, for
instance, [2], II, or [4]).
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If a group G is not finite, then L, (G) is an infinite-dimensional Hilbert space (with
the Hilbert product (8.9)). By analogy with the case of finite groups, we might expect
that the entries generate L,(G) in a sense. This is really true. To improve this assertion,
below we give Theorem 8.11 (without proof).

But first we need to introduce necessary notions and indicate the following fact
(again without proof).

Theorem 8.10. Irreducible representations of a compact Lie group are finite-dimen-

sional and their number is countable.

Examples. (1) SU(2). For each n > 0 define V,, as the vector space constituted
by all complex homogeneous polynomials of degree n in two variables z1,z, € C.

It is obvious that dim V;, = n + 1 and the polynomials of the form z’l‘zg’_k , where
k = 0,...,n, constitute a basis for V,,. Define the representation p,: SU(2) —

GL(V,) = GL(n + 1, C) by the formula

Pn(©)(f)(z1,22) = flanz1 + az1z2,a1221 + axzs),

which can be written as

Pn(€)(f)(2) = f(g"2),

where g = (gl gi2) € SU(2), z = (Z}). Itis easy to verify that this formula
determines a representation, since

p(@)p()()(z) = ph)(f)(gT2) = f(hTg 2) = f((gh)T2) = p(gh)(f)(2).
For n = 0 we obtain the trivial representation: p(g) = 1; and for n = 1, the
standard embedding SU(2) — GL(2, C).
 The representations p,, n > 0, are precisely all irreducible complex representa-
tions of SU(2).
Since the dimensions of the representation spaces are different, these representations

are pairwise nonequivalent.

(2) SO(3). We know that SU(2)/{x1} = SO(3) (see §7.3). For even values n
the representations p, possess the property p(1) = p(—1). It means that they descend
through SO(3):

pax: SU(2) — SU(2)/{£1} = SO(3) — GL(2k + 1,C).

* The representations pyi, k > 0, are precisely all irreducible complex represen-
tations of SO(3).

* The representations pyx+1, k > 0, give rise to two-valued (spinor) representa-
tions of SO(3).
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Let{p’ }72 , beacomplete system of irreducible representations of a group G, and let
pj. « be the matrix entries of the unitary operators which determine these representations.
The Fourier series of a function f € L,(G) is the series

(@)~ ke (@

Lj.k

where the Fourier coefficients cf i are determined by the formula

I 1
c.k = —
J m

and n; is the dimension of the representation ,ol.

(f. Pj‘k)

Theorem 8.11. (1) (Peter—Weyl theorem) A continuous function on a compact group
G can be approximated by linear combinations of the functions pj. © With arbitrary

accuracy: for every g > 0, there is a finite linear combination ajl. k p]l. « Such that

|f(@) = akr (@] <e

forall g € G;

(2) The Fourier series of a function f € L,(G) converges to f in the norm of
L2(G)Z
lim (f =3 chr' @ £ = Y chen' (@) = 0

N—o0
I<N I<N
consequently, the system of functions
1
1
N Pik
is a complete orthonormal system in L,(G).

In the case G = U(1) = R/2xZ we obtain the usual Fourier series of periodic
functions: the entries of the irreducible representations are the characters e'”*.

For noncommutative Lie groups the functions pj. & turn out to be special functions
and appear in mathematical physics as well as representation theory itself.

Note that the entries ,ojl. i satisfy many special relations resulting from the simple
identity

1 1 1
P (gh) = p'(&)p'(h), g.heG.

In the case when p: SO(2) — GL(2) is the standard embedding, we obtain the trigono-
metric summation theorems:

o(0) = (COS(p —sin(p)

sing  cos¢@
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and the equality p(a + ) = p(«a)p(B) is equivalent to the identities

cos(o + B) = cosa cos B — sina sin 3,

sin(e + B) = sinw cos B + cos « sin f.

For multidimensional groups the summation theorems for special functions (matrix
entries) look essentially more complicated and follow from representation theory.

Noncompact groups. As a rule, unitary representations of noncompact Lie groups
are infinite-dimensional. Their study was connected with development of analysis on
these groups and construction of the analog of the Fourier transform.

Suppose that a group is unimodular; i.e., it has a two-sided invariant measure d .
Denote by L1(G) and L,(G) the spaces of integrable and square integrable (with
respect to the measure du) complex-valued functions on G.

The Fourier transform is defined as follows. We are given a space G whose points
parameterize all irreducible unitary representations of the group G and a measure d i
on it.

The Fourier transform of a function f € L1(G) is defined by the equality

FO) = Ta(f) = / F(©)T(9) .

where A € G and T} is the unitary representation corresponding to A. As we see, in
the case when the unitary representation is infinite-dimensional, the Fourier transform
of a function on a group is the integral of unitary operators in the Hilbert space H (the
space of the representation 7}).

If f € L1(G)N Ly(G), then for almost all A (with respect to the measure d fi) the
operators T ( f): H) — H) are Hilbert—Schmidt operators; moreover, the Plancherel
formula holds:

/ f (@) Py = /ATT(TA(f)Tf(f))d[L.
G G

This correspondence extends to an isometry L,(G) ~ LZ(G).
For functions in an everywhere dense subspace 4 C L1(G)N L,(G) we can define
the inverse Fourier transform:

(o) = /GTr(TA(f)Tf (&) dji.

At present, the Fourier transform (harmonic analysis) is constructed for a wide class of
noncompact Lie groups, including, actually, all cases interesting for applications.

To illustrate the basic concepts on harmonic analysis on noncompact Lie groups
we expose a couple of examples.
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Examples. (1) R” (the classical Fourier transform). Since this group is commutative,
all irreducible representations are one-dimensional and coincide with the characters.
The unitary irreducible representations have the form

Ty(x) = ' *9),

where A = R” = R” and (A, x) = Y '_1 Aix;. The Fourier transform takes the form

) = /[R F(x)e AN dxy ... dxy,

where diu = dxq ...dx,, and the inverse transform takes the form
1

) = o

where dji = 2n)™dAy...dA,.

(2) SL(2, R). We denote the elements of this group by

a b
g—(c d)’ ad —bc =1,

et 0\ (1 x\ /[ cosf siné
§=\o e*)\o 1)\=sinh cost)"

du=dt Ndx Ndb

determines a two-sided invariant measure on G = SL(2, R).

Consider the irreducible representations T;r, T,, A€ R,A >0, and D,J[ , D,
n = 1,2,3,.... All these representations are Airreducible, unitary, and pairwise
nonequivalent. They do not exhaust the whole set G but are sufficient for construction
of the Fourier transform.

First of all we describe these representations:

(a) T;r and T, acton Ly (R) by the following formulas:

/ Fe T ADgay L dy,
R

or

The formula

1710 = lbx + a7 f (25

[T (2) f1(x) = sgn(bx + d)|bx + d|"*7 f (Z;c_—:__:i) :

where f € Ly(R).
(b) Denote by Hf the Hilbert space of analytic functions in the half-plane
4 Im z > O for which the integrals (y, ¥), ¥ € Hni, are finite, where

(Y, p) = / YW (x, y)e(x, y)dxdy, z=x+iy.
+Imz>0
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The last formula defines the inner product in H ,ff The representations D,ﬂf are given
by the formulas

+ — —n—1 az +c
D7 vl = Gz + ) (115,

DI (V1) = (b= +d) "y (Zji ;) |

The Fourier transform has the form
fot) = [ f@TE@dn Fos) = [ f@DE@ d
and the Plancherel formula (for the group SL(2, R)) becomes

o A
/ F@Pdp= gz | THIFITE() A tanh 52 d2

I o A
tger | TINTI) )Acoth%dk

+ > 2n[Te(D}(g) DF(9)*) + Te(D;, () Dy (9))]:
n=1

For the subspace 4 C L1(G) N L,(G) constituted by all smooth compactly-supported
functions, the inverse Fourier transform is given by the formula

00 p
flg) = Te(T; (f)T; (g)*)A tanh ”7 d

)y
1 > - . x A
+ ) A Tr(Ty, ()T (8))A Cotth)L

+ > " 2n[Te(D;} (£)D;F (8)*) + Te(D, (£) D ()],

n=1

where f € A.
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Elements of Poisson and symplectic geometry

9.1 The Poisson bracket and Hamilton’s equations

In §2.7, considering the equation for geodesics on a surface we introduced the Euler—

Lagrange equations
d (oL oL =1 9.1)
— =) = —, =1,...,n, .
dai\ow ) "o

which describe the extremals of the functional
Sly) = f L(x,x)dt
y

on the space of curves on the manifold M".
Consider the function

L(x, %) = mez —U®x),

where m is the mass of a point body which moves in the n-dimensional Euclidean space
R”. The point x € R” determines the position of the body. The function U(g) is called
the potential (or the potential energy). The Euler—Lagrange equations take the form

pi = mx’, 9.2)
we can write the above equations in the form of Newton’s equations

: aw .
pi:—g, 1 =1,...,n. (93)

In terms of the variables x and p, equations (9.2) and (9.3) take the form of Hamil-

ton’s equations

0H | oH . _ (9.4)
=, i =—7—, i=1,...,n, .
ap; pi ax!

xl

where the function

H(x.p) = 2+ U)
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is called the Hamiltonian function or the Hamiltonian.
To give the most general definition of Hamilton’s equations, rewrite (9.4) in the
form

X={x" HY, pi={pi,H}, i=1,...,n, 9.5)
where
([ 0f 0g Of 0g
{f.g}= Z (8xi api  op; E)xi)' ©.6)

i=1

A Poisson bracket on a smooth manifold M is a bilinear product

fg—=>{/g

on the space C°°(M) of all smooth functions on M such that the space C*°(M) is a
Lie algebra with respect to this form; i.e., this product is antisymmetric:

gy =g [}

and satisfies the Jacobi identity

g i +1g. th. [+ {83 =0

moreover, it agrees with multiplication of functions in the sense that the Leibniz identity
holds:

{fg.h} = fig.hy + gif. h}. 9.7

In this case we say that a Poisson structure is given on M and M itself is called a
Poisson manifold.
The following lemma is proven by simple verification:

Lemma 9.1. Formula (9.6) defines a Poisson bracket on C*° (M), where M is the
Euclidean space R*" with coordinates x', ..., x", p1,..., pn.

Every smooth function H on a Poisson manifold M determines uniquely the dy-
namical system by formula
daf

7 = U H} 9-8)

which describes the change of the value of an arbitrary smooth function f along the
trajectories of this system. The so-obtained system is called a Hamiltonian system,
equations (9.8) are called Hamilton’s equations, and the function H is called the Hamil-
tonian function or the Hamiltonian of the system.!

The advantage of representation of the equations of mechanics in the form of Hamil-
ton’s equations remained unclear until the discovery of quantum mechanics, when it

"Here and in the sequel we suppose that the Hamiltonian does not depend explicitly on time; i.e., it is a
function of the point of the Poisson manifold only.
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turned out that Hamilton’s equations provide a convenient method for quantization of
classical systems.?

In quantum mechanics, observables (in particular, coordinates and momenta) are associated
with operators. Consider one simple example. Suppose that we have a system with n degrees of
freedom for which there are given the coordinates x € R” of position of the system and momenta
p € R. The state space of a quantum system (the space of wave functions) is a Hilbert space J .
Take J to be the space L, (R"™) constituted by all square summable complex-valued functions
of the variables x!, ..., x” with the inner product

o) = [ wiax

where dx = dx' ...dx".
To the coordinate x* there corresponds the operator of multiplication by the function x*:

Xi (f)(x) = x" f(x),

and to the momentum p;, the differential operator P;:

- 0f(x)
Pi(f)@) = —ih =,
x
where 7 = % and / is the Planck constant. The domains of these operators are everywhere

dense in H. Physically important values are the mean values of the observables, namely the
mean value of an observable A in a state i is equal to

(Aly) = (Ap. 9) = /[R ()7 dx

Let H(x, p) be the Hamiltonian of a classical system. Suppose, for simplicity, that it is the
sum of analytic functions of x and g:

H(x.p) = F(x) + G(q).

for example, it has the form
2
H=2 +u),
2m
where the function U(x) expands in a converging series in the powers of x. In quantum mechanics

this Hamiltonian is associated with the Hamiltonian operator
H(X,P) = F(P)+G(X)

which is obtained from H(x, p) by the formal change of the variables x? and p; in the series
for F' and G with the operators X; and P;. Note that the coordinate operators as well as the
momentum operators commute; therefore, the value of substitution is independent of the order of
these operators. In the general case, inserting X ; and P in the analytic expression for H (x, p),
we have to prescribe additionally the order of the operators X; and P;, which do not commute.

2For a detailed exposition of quantization of classical systems we refer the reader to P. A. M. Dirac, The
Principles of Quantum Mechanics. Fourth edition, Clarendon Press, Oxford 1958.



9.1. The Poisson bracket and Hamilton’s equations 157

Example (Harmonic oscillator.) Let n = 1 and consider the Hamiltonian function

2 2.2

)4 X

H(x, = — +
(x.p) =5 >
The Hamiltonian operator is equal to

K% d? w?x?
—_— + -

2m dx? 2

The time evolution of the quantum system is described by the (nonstationary) Schrodinger
equation

dy
h—— = H1.
! dt 4

A translation along the trajectories of this system by a time ¢ is a transformation of the Hilbert
state space:
Ti: H — F.

For some physical reasons, the operator H must be self-adjoint which implies that the transfor-
mation 7} is unitary (preserves the inner product) for all ¢:

(T:y. Trp) = (¥, ).
Another description of the evolution is given by the Heisenberg equation

dA
o = A Hig

where
A(t) = T, Y AoT, = T} AoTy,

Ao is the operator of the observable (at# = 0), {-, - }4 is the quantum Poisson bracket which is
equal to

1
{A,B}4 = ?(AB — B4)
i
for every pair of operators A and B. Moreover, note that
(X, Pxiqg = {xj, Pk} = Sjk-

The first approach (the Schrodinger equation) assumes that the states change with time, and
the observables are preserved; while the second approach (the Heisenberg equation) assumes
that the observables change, and the states are preserved. However, the mean values of the
observables in both cases coincide:

(A Ol (@) = (AO Ty (0). Tr ) = (T AO) T ¥(0), ¥(0) = (A1)¥(0)|(0)).
Consequently, the physical pictures given by two approaches are equivalent.

We now return to Poisson manifolds.
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Lemma 9.2. Let M be a Poisson manifold and let xL, ..., x" be local coordinates in
a domain U of M. Suppose that f and g are polynomials in the variables x!, ..., x".
Then 8f T
_ 08 (ko O 98,
{f.g} = 7 9 —ixlx }_Bxfaxkh (x). 9.9)

Proof. Let f = (x\)kt(x2)k2 . (xM)k = (x")*1h(x2,...,x"). From the Leibniz
identity (9.7) we obtain

of

(g =k HO T hix! gy + D g) = Siat gh 4+ () gl

Repeating these arguments for 1 = (x2)¥2 ... (x”)*» eventually, we obtain the identity

_ O
Ugh =g 5l gl

which extends by linearity to all polynomials f. If g is another polynomial, then the
right-hand side of the last formula takes the form

af of ag

8_1{ j } a ]a k{ j’xk}

and we obtain identity (9.9). The lemma is proven. O

It is obvious that identity (9.9) extends by linearity to functions f and g repre-
sentable by converging series in the powers of x!, ..., x”. Henceforth we consider
only the Poisson bracket of the form (9.9).

Theorem 9.1. Let M be an n-dimensional manifold and let xL, ..., x" belocal coor-
dinates in a domain of M.

(1) If a Poisson bracket is given on M, then the values h’* (x) = {x/, x*} constitute
an antisymmetric tensor of type (2, 0) and the Poisson bracket in arbitrary coordinates
vy, ..., " has the form

af o

dy/ dyk

(2) Given an antisymmetric tensor h’ 'k (x), formula (9.9) defines an antisymmetric
bilinear form on the space of functions which satisfies the Leibniz identity.
This form satisfies the Jacobi identity (and hence is a Poisson bracket) if and only

(fig) = ooyl kL

if

oh/k ahki ohi/
il Jjl kl
h ox! th ox! th ox!

Proof. (1) Apply formula (9.9) to the coordinate functions yE = ykx, ),
k=1,...,n:

=0, j.kil=1,...n. (9.10)

8yl ay™

—_{x I, k}: B_yIBy_m Jk
xJ dxk

rlm _ ¢ 1 _m
W= = e dx/ dxk
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Consequently, the values 7/ determine a tensor of type (2,0) which is obviously

antisymmetric: h/% = —h*/_ Inserting the last formula in (9.9), from the chain rule
we derive
f 08, ; &k
{8} = Wﬁ{x LX)

_ (¥ LR TN
‘(Wﬁ)(aym gk )0

- 8_g(ayl ol {x/ xk})

ayl oy \ ax7 axk
_0f 98 1 om
oy aym{y 7

(2) If the tensor A/ is antisymmetric then, obviously, formula (9.9) determines
an antisymmetric bilinear form which satisfies the Leibniz identity. Straightforward
calculations show that the following identity holds:

(£l i} + (e, th. 3} + th.{f.g})
af dg oh . ; , . o
= L8 Tt il k) 4 e  x + ),

Therefore, it suffices to verify the Jacobi identity for the coordinate functions xt,

i =1,...,n. Making simple calculations again, we show that
. . . . o L Ohik Y ohl
R N R e e e~
ox! ax! ox!
where h'/ = {x?,x7},i,j = 1,...,n. The lemma is proven. O

Corollary 9.1. For every antisymmetric tensor h'/ with constant coefficients (in coor-
dinates x', ..., x" in a domain U C R") formula (9.9) defines a Poisson bracket on
c>().

The Hamiltonian system (9.8) generated by the Hamiltonian function H is a dy-
namical system on a Poisson manifold M and has a very simple coordinate form:

. OH

ax—k, l=1,,l’l

x =vg(x), v}, =h

Since h'* is a tensor of type (2,0) and the gradient grad f is a covector field, the

formula af
v, V=R i=1,...n, 9.11
f f f 8xk ( )

relates to each smooth function f on M the vector field vs. A vector field of the form
vy is called a Hamiltonian field.
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Corollary 9.2. Given two functions f and g on a Poisson manifold M, the commutator
[vr, vg] of vector fields vy and vg is equal to
[vrs Vel = —vizg}-

Proof. Write down explicitly the commutator of two vector fields:

of 0 (. 0g L0 0 (. of
’ i hjk il Y5 _h]l__. ik 2
vy vel' = dxk ox7 (h axl) ax! dx/ h dxk

i 2
_Of 9 (. on" h/,ahlk) Lk O g g
= axk oxl Ix/ I/ axk dx/ 9x!
_ hjl ag hlk 9 f
ax! dxJoxk’
Since all indices in the third term except i imply summation, we can make the following

permutation of indices without changing the result: j — k,k — [,and/ — j. From
antisymmetry of the tensor /% and the Jacobi identity (9.10) we obtain

TS L L hjkahl hﬂahkl i

ox/ ox/ dxJ ox/

Making the substitution, from the last identity we derive

L Oh* 9f dg 8f 0%g c0g . 02 f
, = _pt_—_— L h]k : —hk]—4h11
(V7. ve] dx/ dxk dx! + E)xk Bxfaxl ax/ 9xkox!

hl_k 8_fa_g + h/khili(ﬁa_g)

dx/ 9xk 9x! ax! \ gxk dx/

W Bg o D (0f g

9xt axk ax! ax! \ dxk dx/
(here we interchanged the indices j and / in the first term)

Y, ag)
:hll_ ]k__
ax! (h dxk dxk

za{g fi za{fg}_

ax! ax!

The corollary is proven. O

At each point x € M the Poisson bracket is determined by the matrix 4/% and its

rank is called the rank of the Poisson bracket at x.
Suppose that the Poisson bracket has full rank at each point. Then the matrix /¥
at each point is invertible: there is an antisymmetric tensor /2 such that

hjch*! = 8
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everywhere. In this case we say that M is a symplectic manifold, and the 2-form
o= hjdx ndx*
j<k

is called the symplectic form.

Note that the form  is nondegenerate by definition: the matrix /;; has full rank at
each point or, which is the same, for each tangent vector £ # 0 attached to an arbitrary
point, there is another tangent vector 1, attached to the same point such that

o(E. 1) = hjt " #0.

It is well known from linear algebra that an antisymmetric nondegenerate 2-form in a
vector space always reduces, in appropriate coordinates p and g, to the form

k
dei Adq', n=2k.

i=1
Thus, we have the following lemma:

Lemma 9.3. (1) The Poisson bracket at each point has an even rank.
(2) A symplectic manifold is even-dimensional.

Consider the question when a nondegenerate 2-form determines a Poisson bracket.

Theorem9.2. Ifw = ZJ- < hjrdx’ Adx¥ is anondegenerate 2-form, then the formula

pik Of 0g

T gk h =1 = 8,

{fgh=h
determines a Poisson bracket if and only if this form is closed:
do = 0.
Proof. An antisymmetric tensor /¥ determines a Poisson bracket if and only if

1 OhJ*

" ’ ahki

ij
+ h/ et

=0
ax! ax! ax!

foralli, j, and k (Theorem 9.1). Multiply the above relation by %, hsh, and contract
terms with coinciding upper and lower indices, i.e.,sum over Z, j, and k:

ki
hr,-hjshkt(hﬂaah hf’ah hklah’)zo. 9.12)

x! ax!
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Consider, for example, the first summand on the left-hand side:

; 0hT¥ on'k
hrzhjshkth W 5 hjshkt

ax!
on’k
- hjshkz Ix”
_ hjs(ahfkhkt i ahkt)
ox’ ox’
:hjs(% /kahkt)
ox’ ax’
ik 0Ny Ohg, Ohst
= —h;sh/* = sk =
I3 ox’ 5 oxr ox’

Transforming similarly the other summands in (9.12), we find that (9.12) is equivalent
to the fact that the relations
Ohsy  Ohyr  Ohyg
= = 0
rst ox” + ax* + ox?
hold for all r, s, and #; but the last is equivalent to the fact that the form w is closed,
since

do = Z arsedx” A dx® A dx'.
r<s<t

The theorem is proven. O

Thereby we arrive at the classical definition of a symplectic manifold:

* a manifold M is called symplectic if a nondegenerate closed 2-form w is given
on M this form is called the symplectic form and determines the symplectic
structure on M.

The Poisson bracket on a symplectic manifold can also be written in the form

.83 = —o(vr, vg) = 0(vg, vy).
Indeed, expand the right-hand side of the last formula:
dg ; Of dg of _ i 0f 0g
— . jk Y5 ) i %\ _ gipjk “5 — pik 2 75
©(vg, vy) hf’(h oxk (h axi) G o = i gk = V8
For completeness of exposition we give another important definition:

* an n-dimensional submanifold L of a 2n-dimensional symplectic manifold M
is called Lagrangian if the restriction of the symplectic form @ onto L vanishes:
w|r =0.

We will not discuss Lagrangian submanifolds. However we remark that they play

an important role, in particular, in the theory of partial differential equations (see, for
instance, [4]).
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9.2 Lagrangian formalism

1 Lagrangian formalism. Suppose that a smooth function L(x, X) is given on the
tangent bundle 7M" of an n-dimensional manifold M", where x € M" and X is a
tangent vector to M " at x. This function determines a Lagrangian system as follows.

The points of the space M" determine different configurations (positions) of this
system; therefore, the space M”" is called the configuration space. The trajectories of
the system are found from the Maupertuis—Fermat variational principle (the principle
of least action):

* each part yo(t), t € [a,b], of a trajectory yy is an extremal of the functional
S(y) = / L(x,x)dt
y

defined on the space all piecewise smooth curves y(t), t € [a, b], with the same
endpoints as yo(t): y(a) = x(a), y(b) = x(b).

In §2.7, for two-dimensional manifolds, we proved Theorem 2.8 which claims that a

curve x () is an extremal of S if and only if the Euler—Lagrange equations are satisfied

along this curve:
d (dL aL .
dt(ﬁ)_ i i=1,...,n. 9.13)
The proof given in §2.7 can be translated without changes to the general case of man-
ifolds M" of arbitrary dimension. Recall that the function L(x, x) is called the La-
grangian or the Lagrangian function of the system.

We see that a trajectory of the system is determined uniquely not only by its position
at every given time ¢ = f but the pair of values: its position x € M" and the velocity
vector X = ”all—’t“ att = to. We obtain a dynamical system on the space TM" called the
phase space of the dynamical system.

The energy (of a Lagrangian system) is the following (scalar) value:

0L

E=x W - L,
and the momentum is the covector p with coordinates
oL
pi = PPl =1,...,n
The force is the covector f with coordinates
fi = % i=1,...,n.

In terms of these covectors the Euler—Lagrange equations take the form of Newton’s
law:

p=1r
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The variational derivative of a functional S is defined as

§S _B_L_i(BL )
Sxi(r)  oxt dt\9xi )’

by definition, it equals zero for all values of ¢ and i precisely for the extremals of S
(as in the finite-dimensional case when we speak of a function and its derivatives). Its
meaning is rather simple: if we consider a small variation

x(t) = x(t) + en(t)

of a smooth curve x(¢), ¢ € [a, b], where n(t) is a tangent vector field along the curve
(n(¢) is a tangent vector at x (¢) for every ¢) with n(a) = n(b) = 0, then we obtain the
formal decomposition

A 5
Sxi(t)n dt + O(e”)

S(x+en) = S(x)—l—e/

(this formula was established in the proof of Theorem 2.8).

Lemma 9.4. (1) (Energy conservation law). The energy of a system is conserved along
the trajectories of the flow:

dE 0
dt
(2) (Momentum conservation law). Ifthe Lagrangian does not depend explicitly on

a variable x' then the corresponding coordinate of the momentum is conserved along
the flow: p; = 0.

Proof. (1) Straightforward calculations show that

dE d (. 0L
=\ X -
dt dt oxi

0L _id(aL) oL , 0L

_ G d (ALY B
=Yoo T a\ae ) Tt T
(d oL\ oL
ST e L P
x(dt(axf) ax’)
(2) We have
)
Pr= g =

The lemma is proven. O
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2 Examples of Lagrangian systems. (a) Consider the classical problem of motion
of a point mass in the n-dimensional Euclidean space in a potential field U(x):

Lix, %) = mez —U®x),

where x € R” and U(x) is the potential energy. The total energy of the body is the sum

%)
mx
E=—+U)
2
of the kinetic energy T = mez and the potential energy U(x).> The momentum equals

p = mx and, if the potential energy is zero, i.e., U(x) = 0, then the momentum is
conserved.

(b) Now, consider the motion of a point mass in a nonhomogeneous medium, where
the kinetic energy is the scalar square of the velocity vector (times %) calculated by
means of a more general Riemannian inner product. We have

L(x, %) = %gik(x)fcifck —U(x), (9.14)

where x € M" and g, is a Riemannian metric on the manifold M”. The momentum
equals
pi = gikxk

and in the absence of a potential field (U(x) = 0) we obtain (as the Lagrangian system)
the geodesic flow on M.

(c) Extend the previous Lagrangian system by adding the magnetic field and as-
suming that the point mass has charge e. By the Maxwell equations, the magnetic field
is given by the closed 2-form

F =" Fydx' ndx*

i<k
which determines the contribution of the magnetic field in the Euler-Lagrange equa-

tions: oL d /3
0 L() Tk

— = F; =0,

oxi  di (axi ) etk
where L is the Lagrangian of the form (9.14) or simply the Lagrangian of some system
without the magnetic field. If the form F is exact; i.e., there is a 1-form A;dx’ such
that F' = d A, then the presence of the magnetic field results in the following change
of the Lagrangian: '

Lo —> Lo +eA;x".

3In mechanics, Lagrangian systems with the Lagrangian L = T — U (the difference of the kinetic and
potential energies) are called natural mechanical systems.
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In the general case we can make it only locally: take a domain U in which all 2-forms
are exact (this is true, for example, in every domain homeomorphic to the interior of
the n-dimensional ball) and consider the form AV = AZU dx' in this domain such that
dAY = F in U. Then the trajectories of the system in U satisfy the Euler-Lagrange
equations for the modified Lagrangian

LY = Lo+ eAl .

If a curve y lies simultaneously in two such domains U and V', then we have the values
of two such functionals SY = [ LVdt and SV = [ LY dt (or, more exactly, two
branches of the multivalued functional) whose variational derivatives coincide:*

ssY 8sV

Sxi(t)  Sxi(t)’

x@t)cunv.

The trajectories of the Lagrangian system with the Lagrangian (for curves lying in
domains U) . .
LY(x, %) = gix(x)x' x5 + AY (x)x',

where dAY = F is a globally defined 2-form, are now called magnetic geodesics.

9.3 Examples of Poisson manifolds

1 The Legendre transform: passage from the Lagrangian formalism to the Hamil-
tonian formalism. The canonical Poisson bracket on the cotangent bundle. We
are not going to give the general definition of the Legendre transform. In the case in
question it determines the passage from the function L (x, x) of the variables x and x
to the function H (x, p) of the variables x and p by the following formulas:

L(x,X) > H(x,p) = pix' —L(x,%), pi= % i=1,...,n.
Naturally, we assume that these formulas determine a one-to-one change of variables
(x,x) — (x, p(x,x)) and the variable x in the formula for H(x, p) is considered as
a function of x and p.

In the new variables x and p the Euler-Lagrange equations take the Hamiltonian
form. Indeed, write down the differential of H(x, p):

- . JdL . 0L .
dH = xX'dp; + pidx' — —dx' — —dx*,
ax! ax!

“This is a general procedure for obtaining multivalued functionals with correctly defined Euler-Lagrange
equations which appear not only in problems of mechanics but also in quantum field theory (the Wess—
Zumino—-Novikov—Witten functional). For detailed exposition see Supplement 1 (by S. P. Novikov) to [2], III.
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which is equal to

. oL .
dH = x'dp; — —dx'

dx!
by the Euler—Lagrange equations. This equality means that
),Cl-_BH . 0L 0H
- opi’ L

i.e., we obtain Hamilton’s equations
X =" H}, pi={pi.H}
for the Poisson structure
oy =68L, (L xk =0, {pip} =0, ik=1,....n. (9.15)

We conclude that if x (¢) is a trajectory of the Lagrangian system, then (x(¢), p(?))
is a trajectory of the Hamiltonian system with H = p;x’ — L. It is easy to verify
that the converse is also true; therefore, the Lagrangian and Hamiltonian systems are
equivalent.

Note that p = % is a covector and therefore the phase space of the Hamiltonian
system is the cotangent bundle 7*M" of the configuration space M" (see §3.3).

On the cotangent bundle 7* M" we have the Poisson structure (9.15) which already
appeared above. It is easy to verify that this structure is symplectic. The corresponding
symplectic form on the cotangent bundle is equal to

o = dp; A dx' 9.16)

(here and in the sequel the repeated index i implies summation). The coordinates x
and p in which the symplectic form takes the shape (9.16) are called canonical.
The Hamiltonian coincides with the energy of the Lagrangian system:

H=E=%"p,—L.

In this event, the energy conservation law goes into the identity which follows obviously
from the anticommutativity of the Poisson bracket:

dH

— ={H,H} =0.

T }
In general, a function F whose values do not change along the trajectories of the
Hamiltonian system: )

F={F,H}=0,

is called a first integral (or integral of motion) of the system. The Hamiltonian is always
a first integral of the system generated by it.>

SRecall that we suppose that the Hamiltonian does not depend explicitly on time. The situation when
this is not true is discussed below in §9.5.
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Copsider the example of a natural mechanical system with the Lagrangian L (x, X) =
%gik)'c’)'ck — U(x). We have

. 1 .
pi = gux*, H(x.p) = Eg’kp,-pk + U(x), 9.17)

where g/ g = 8;(. In particular,
* the geodesic flow on a Riemannian manifold M" with a metric g;x is the Hamil-

tonian system on the cotangent bundle 7* M" with the Hamiltonian (9.17) with
U = 0 and the Poisson structure (9.15).

2 The magnetic Poisson bracket on the cotangent bundle. If the magnetic field is
given by an exact form F = d A, then construction of the Hamilton formalism for the
magnetic geodesics is plain: instead of (9.17) we have

. 1 ;
pi = gikx* +ed;, H= Eg’k(lh —eAi)(pr — eAy),
where the Poisson structure has the form (9.15). Note that this method does not work
if the covector field A is not given globally. However, there is a quite general approach
based on changing the Poisson structure. If F = )", ; Fixdx' A dx* is the magnetic
field, then the 2-form '
w=dp;i Ndx' + F
on T*M™" is still nondegenerate and closed (recall that d F = 0). This form is called

the rwisted symplectic form and to this form there corresponds the magnetic (or twisted)
Poisson bracket on the cotangent bundle:

{xi,Pk}=31i¢, (1, Xy =0, {pi.pk} = Fi(x), ik=1,....n.

It is easy to check that the Hamiltonian system with this Poisson bracket and the
Hamiltonian |
H = 5¢" pip
2
is the magnetic geodesic flow (to this end, it suffices to insert p; = g;xx* into Hamil-
ton’s equations).

3 The Lie-Poisson bracket. Let xq,...,x, be coordinates in R*.® Consider the
following simple question:
When does the formula
{xix;} = c,ijk (9.18)

determine a Poisson bracket?

%Here we deliberately use subscripts, since R” will be identified with the dual space of some Lie algebra g.
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Here clkj are constant and independent of x. Obviously, we have to require the

symbols cf‘j be antisymmetric in the subscripts:

k=—ck. i jk=1..n

By Theorem 9.1, this is necessary and sufficient for the expression (9.18) to be anti-
symmetric in f and g and satisfy the Leibniz identity. Moreover, by the same theorem,
for validity of the Jacobi identity, it is necessary and sufficient that 4"/ = clkj X satisfy
relations (9.10). Expand these relations and obtain

[ I [ [ I l
ci"l‘xmcjk + cj'-’l’xmcki + c,’("lxmcij = (c{’l‘cjk + cj'-’l’cki + c,’("lcij)xm =0.
Since these identities must hold for all x, they are equivalent to the identities
m .l m .1l m,l _
CiiCix + ¢ + cici; = 0,

which mean precisely that clkj are the structure constants of some Lie algebra (see §7.2).
Thus, the relations

[ei, ej] = clkjek
determine a Lie algebra g.

Theorem 9.3. Formula (9.18) determines a Poisson bracket on R" (linear in the co-
ordinates) if and only ifclkj, i,j,k = 1,...,n, are the structure constants of some
n-dimensional Lie algebra.

The bracket (9.18) is called the Lie—Poisson bracket. It is natural to consider it as a
bracket on the dual space g* of the Lie algebra g, i.e., the space constituted by all linear
functionals on the algebra g. In this case the elements of the Lie algebra determine the
functions x1, ..., X, on the space g* by the rule x(f) = f(x),x € g, f € g*.

Consider one important example, namely the Poisson bracket connected with the
algebra so(3) constituted by all anti-symmetric matrices of order 3. We have

1 if the permutation ( ! f ,3) is even;

¢;j = €ijk = {—1 if the permutation (} 3 ,?c’) is odd;
0 if at least two of the indices i, j, and k coincide.
Since the space R is odd-dimensional, this Poisson bracket is not symplectic. It is

easy to verify that
{fixt+x3+x3=0 forall f.

Problem 9.1. Prove that we can correctly restrict the Poisson bracket corresponding
to the algebra so(3) to every sphere of the form

X7+ x5 4+x3=c#0,

obtaining thereby a symplectic manifold.
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Consider the Hamiltonian system determined by the quadratic Hamiltonian

ATy Tt

Hamilton’s equations

OH
X = {x;, H}= Wc{;xk, i=123,
J

take the form
Ap=(B—-C)qr, Bq=(C—-A)pr, Cr=(A-B)pqg.

For positive values of A, B, and C we obtain the equations of motion of a (three-
dimensional) rigid body around a fixed point (Euler’s equations). Moreover, the con-
stants A, B, and C are the moments of inertia of the body.

9.4 Darboux’s theorem and Liouville’s theorem

Theorem 9.4 (Darboux’s theorem). Let M be a Poisson manifold. If, in a neighbor-
hood U of yo € M, the Poisson bracket has constant rank equal to 2m, then there are
a neighborhood V. C U of the point yo and local coordinates xbox™, Pls---» Pm>

and zb, ..., z" 2™ iy this neighborhood such that the Poisson bracket in the whole
domain V takes the form

xlopiy =68, x5y ={p;. 25y =0, 9.19)
wherei,j =1,....mand k =1,...,n—2m.

Such coordinates on a Poisson manifold are called canonical coordinates. In the
symplectic case when n = 2m, we obtain canonical coordinates on a symplectic
manifold.

Proof. Let y!, ..., y" be local coordinates in U. If the Poisson bracket is identically
zero in a neighborhood of yo (m = 0):

Ol yiv=hi =0, i,j=1,....n,

then we can take z!, ..., z" to be arbitrary coordinates in this neighborhood.
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If m # 0, then take x! tobe a function f for which the vector v '+ is nonzero at yq and
hence in its small neighborhood (recall that its coordinates are equal to v = hik ;y—fk).
The function f considered as a Hamiltonian generates some Hamiltonian system;
take p; to be the function p; = ¢, where ¢ is the time coordinate for this Hamiltonian
system.

We now give a rigorous definition. It is well known from the theory of ordinary
differential equations that if a smooth vector field v is nonzero at yy, i.e., v(yo) # O,

it can be linearized by a change of coordinates. This means that in a neighborhood U’

of the point yo we can introduce coordinates ul, ..., u™ in which the field v takes the
form

v=(1,0,...,0).
Forv = v,1 we put p; = —ul, By construction,

pr=—i=—1={p.x"} =—{x" p1}.

Since x! is conserved along the vector field v,1, we have xU=xY?,...,u").

The function p; also generates a Hamiltonian system with the vector field vy, . The
vector fields v,1 and v,, commute, since

[Ve1,vp,] = —Vxt py =0

(the function {x!, p;} is constant), and the function p; is conserved along the trajec-
tories of the field v,, (as the Hamiltonian of the system). Therefore,

vl’] :(07*7-'-7*)7 vpl =vp1(u2,...,un)

(the first equality follows from the conservation of p; and the second, from the fact
that the fields commute).
Now, we linearize the field v, , replacing u?, ..., u" withcoordinates w?, . .., w2
such that
vp, = (1,0,...,0).

Moreover, take w° to be x1. 5
Eventually, in a neighborhood U of yq (perhaps smaller than U) we obtain coordi-

nates x!, py,w!, ..., w" 2 in which the Poisson bracket has the form

xUpiy=1, xLwl={p,w'}l=0 i=1,...,n-2.

If n — 2 = 0, then these are the sought coordinates. If n — 2 > 0, then we
repeat the above procedure for the coordinates wl, ..., w" 2 until we obtain the sought
coordinates. The theorem is proven. O

Corollary 9.3. In a neighborhood of each point of a symplectic manifold we can
introduce canonical coordinates, i.e., coordinates x1, ..., x™, P1,- .- Pn in which the
symplectic form has the shape

w = dp; Adx'. (9.20)
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Corollary 9.4. On a symplectic manifold there is a nowhere zero volume form
du = o™;
in particular, a symplectic manifold is always orientable.

Indeed, in the canonical coordinates we have

1
—'a)" =dpi Adx' A Adpy Adx" # 0,

n!
and as a positively oriented basis for the tangent space at the point we can take a basis
ei, ..., e, such that

w"(el,...,ez,,) > 0.

This determines an orientation on M .
Note that, if a symplectic manifold M is closed (compact and without boundary),
then the form w” cannot be exact. Otherwise, if " = d t, then by the Stokes formula

we would have
/w”:/dr:/ =0,
M M oM

since the boundary dM is empty. But this contradicts the fact that |, A > 0. Hence,
all forms w, w?, ..., " ! are not exact: otherwise, if ¥ = do, then we would have
" = d(o A »" ). This is a very strong topological constraint on symplectic mani-
folds. It means that the real cohomology classes [a)k .k =1,...,n,are nonzero.” For
example, among all spheres only the two-dimensional sphere S2 carries a symplectic
form.

Canonical coordinates enable us to simplify essentially the proof of the following

theorem:

Theorem 9.5. Let M be a symplectic manifold.
(1) The symplectic form w is preserved along the trajectories of the Hamiltonian
system on M :
w =0.

(2) If the symplectic form is preserved along the trajectories of a vector field v on
M, then v is locally Hamiltonian: in some neighborhood U of each point x € M,
there is a smooth function f such that

v=uvyrinU.
Proof. In canonical coordinates we have

& =dp; Ndx' +dp; ANdx'.

7An explanation of what it means can be found, for example, in [4].
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If the system is Hamiltonian, then we can rewrite the right-hand side of the last relation

as
i H H . H
—d a_H ANdx' +dpi Nd 8— =—d a—.dxl + a—dpl-
ox! ap; dax! p;

=—d(dH) = —d*H =0,

since d? = 0.
If @ = 0 along the trajectories of the field v = (x, p), then

0=dp; Ndx' +dp; ndx' = —d(X'dp; — pidx").

It is well known from calculus that if, in a simply connected domain U C R”", the
differential of a 1-form « is zero, then this form is the differential of some smooth
function f in U:

a = df.

For o = %'dp; — p;dx' (here the repeated index i implies summation) we find that in
a small neighborhood of each point we have a function f = H such that
,  0H ) oH

d=2 5= i
o DT T ok

i.e., the field v is locally Hamiltonian. The theorem is proven. O
A transformation of the space
¢: R*" — R?"

with coordinates x',...,x", p1...., pn is called canonical if it preserves the form
(9.20). In general, this term is now used for transformations of an arbitrary symplectic
manifold M which preserves the symplectic form .

The assertion (1) of Theorem 9.5 means that translations along the trajectories of
Hamiltonian vector fields are canonical transformations.

Corollary 9.5 (Liouville’s theorem on the volume preservation). A Hamiltonian system
preserves the volume form

du=o"=woAN---ANw
N’
n
on the phase space M.
Indeed,

do" Aol — 0
=noA® =0,

dt

since w = 0.
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This corollary makes it possible to study Hamiltonian systems by the methods
of ergodic theory which deals with measure-preserving transformations of measure
spaces.

As we see, the Poisson bracket can be degenerate. A function f such that

{f,.g}=0 forallg

is called a Casimir function (or simply a casimir) of the bracket.
In general, every algebra A with commutative multiplication and a bilinear operation

a,b — {a,b}
which is antisymmetric and satisfies the Jacobi identity and the Leibniz identity
{ab,c} = ai{b,c} + bia,c}
is called a Poisson algebra. The elements z of the center Z 4:
{z,a} =0 foralla € A,

of the algebra A are called Casimirs.

A symplectic leaf is a submanifold L of a Poisson manifold M such that

(1) the rank of the Poisson bracket at the points of L is equal to the dimension of L
and the manifold L carries a symplectic form w;, which generates the Poisson bracket
{-.-jLonL;

(2)if f and g are functions on M, then their Poisson bracket { f, g} at the points of
L coincides with { /|1, g|}1 (here f|r and g| are the restrictions of f and g to L):

{fglle=1{f

L. gl

Examples. (1) Suppose that the rank of the bracket is constant in a domain U and we
have canonical coordinates:

{xi,pj} = §i, {xi,zk} = {p_/,zk} =0.

Casimirs in the Poisson algebra C°°(U) are precisely all functions of the z-variables
and the symplectic leaves are the submanifolds 7l =¢q,..., 2" 2m = ¢, 5., where
C1,...,Cn—2m are constants. The symplectic forms on these leaves are given by the
formula wy, = dp; A dx'.

(2) For the Lie-Poisson bracket on R* connected with the algebra so(3), the
Casimirs constitute the ring of functions of the form f(x1, x2, x3) = h(x] +x3 + x3).

The symplectic leaves are the spheres
xf + x% + x§ =c

of dimension 2 for ¢ # 0 and 0 for ¢ = 0.
These two examples lead to the following important constructions:
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(a) Foliation into symplectic leaves. Consider all Hamiltonian vector fields vs. At
eachpoint x € M the values vy (x) of the Hamiltonian vector fields generate a subspace
P, C TxM of the tangent space Tx M at the point x. Every nonzero vector in Py has
the form vy; moreover, if ¢ is the time coordinate for the Hamiltonian system with
H = f,then {t, f} = 1 (see the proof of Darboux’s theorem), and therefore the rank
of the Poisson bracket at x is equal to the dimension of Py; in particular, it is even.
Since [vf,vg] = —vyr,}, the Hamiltonian fields constitute a subalgebra of the
Lie algebra of vector fields. By the Frobenius theorem, for a small neighborhood U
of each point x there is a submanifold L embedded into U such that at every point
y € L the tangent space of L is P,. The whole neighborhood U foliates into such
submanifolds which are symplectic leaves. Note that, for each point, there is exactly
one symplectic leaf passing through this point. The leaf L extends naturally to some
subset also denoted by L. C M which is the image of (possibly improper)® embedding
of the symplectic manifold into M. Such sets L are also called symplectic leaves.
We arrive at the following conclusion:

* A Poisson manifold foliates into a disjoint union of symplectic leaves and this
representation is unique.

(b) Symplectic leaves of the Lie-Poisson bracket. Let g* = R” be the space of
linear functions on the Lie algebra g of a group G. A Lie—Poisson bracket is given
ong*.

Take x € g*. Consider the space P, constituted by the values of all Hamiltonian
fields vy at x. The value of a field vy at a given point depends only on the linear part
of the Taylor series expansion of the function f and therefore, to obtain the whole
space P, it suffices to consider only linear functions a(x) = a’x;. The space of linear
functions on g* coincides with the Lie algebra g:

a(x)=x(a), xecg* aec(@H" =g.

The Hamiltonian vector fields at x = (x1, ..., x,) (recall that we use subscripts for
coordinates in g*) take the values

k j .
(va(x))j =Cijxkal, j=1,....,n.
Considering them as elements in g*, we see that their values at b € g are equal to

va(x)(b) = cfxpa'b) = xi((a.b])* = x([a, b]). 9.21)

8Recall that a map is proper if the inverse image of each compact set is compact. A typical example of
an improper embedding is an irrational winding of the torus 7'> with angular coordinates ¢ and ¢- defined
modulo integer numbers. This winding has the form: ¢ € R — ¥ (¢) = (¢,at) € T2, where o is an
irrational number. We have ¥ (¢1) # ¥ (¢2) for t1 # t2, dy # 0 everywhere, and the closure of ¥ (R)
coincides with the whole torus. Similar situations appear also for symplectic leaves L in Poisson manifolds.
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Recall that to each element a € g of the Lie algebra there corresponds the one-
parameter subgroup F(¢) = e*' € G (for matrix groups it has the form of the exponen-
tial function of matrices at). On the Lie group we have families of diffeomorphisms:
the left and right translations:

Ly:G— G, Lg(x)=gx; Rg:G— G, Rg(x) = xg,

where g, x € G (for matrix groups G these are the left and right multiplications by
a matrix g € G). The differentials of the right and left translations determine the
following commuting maps of the tangent spaces:

LZ: TG — TgxG, RZ,: TxG — TG,
and generate, by the obvious rules
p(LIv) = L (D).  p(REv) = RE_ (p)(v).

the maps of the cotangent spaces: Lg: T, G — TG and similarly for R;. The
composition of commuting diffeomorphisms L, and R,-1 is an inner automorphism
of the group:

X — gxg_l,

and the differential of this map at the identity determines the action of G on the Lie
algebra g:
Ad, = L;R;,l g —>g.

We obtain the adjoint representation of Adg; for matrix groups it has a very simple
form:
Adg(a) = gag™!, ge€G,acg.

This representation generates the coadjoint representation of Ad; ong*:
(Adg(x))(a) = x(Adg(a)), x€g" acg geh.

Consider the differential of the map Ad, at the identity:

d
7 Adgar (0) = ada (b).

For linear groups we obviously have
d
ad, (b) = E(e‘”be_‘”) = ab — ba = [a, b];

moreover, this formula is valid in the general case (to show this, it suffices to use the
Taylor series expansion of the multiplication at the identity of the group as in §7.2).
Note that for the differential ad* of the coadjoint representation we have

ad; (x)(b) = x(ada (b)) = x([a, b])
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and compare this formula with (9.21). We see that the values of the Hamiltonian vector
fields at x coincide with the tangent fields to the orbit of the coadjoint representation
at x.

Hence, we conclude that

* the orbits of the coadjoint representation of the group G are symplectic leaves
of the Lie—Poisson bracket on g*.

9.5 Hamilton’s variational principle

Since the Hamiltonian H is conserved by a Hamiltonian system, every trajectory of
this system lies completely on some level surface M, = {H = c}.

Consider the case when the hypersurface M, is a smooth submanifold in the initial
symplectic manifold M (with the symplectic form w). In this case the manifold M, is
odd-dimensional and the restriction of the form w to M, cannot be nondegenerate. At
each point x € M, the tangent space of M, contains a nonzero subspace Ay called the
annihilator of the form w such that

w&,n) =0 forallé € Ay, n e TxM,;

i.e., the linear form /() = w(£, n) is identically zero.’

If A, contained two linearly independent vectors &; and &, then for every tangent
vector 7 at x such that  and Tx M, generate the whole tangent space of M, we could
choose numbers a7 and a, such that

w(a1€1 +azé>,n) =0

and the vector a;&; + a»&, would lie in the annihilator of the form @ on the whole
tangent space of M. But this is impossible, since the form w is nondegenerate by
definition. Consequently, at each point of M, the annihilator A, is one-dimensional.

We say that a curve r(t) C M, is a characteristic of the form o if at each point
r(t) of the curve the tangent vector to the curve lies in the annihilator of the form A.

In a neighborhood of every point xg, we can choose a vector field v(x) such that
v(x) # 0and v(x) generates Ay (this may fail to hold globally on the whole manifold
M. in view of some topological obstacles). Moreover, the characteristics are precisely
the integral curves of the field and we conclude that

* for each point of the level surface M, = {H = c} there is only one charac-
teristic of the form w passing through this point; moreover, a sufficiently small
neighborhood of the point foliates into these characteristics.

This definition of annihilator is common for all linear spaces with a bilinear form B(§, 1) (symmetric
or antisymmetric): a vector £ belongs to the annihilator if and only if B(&,n) = 0 for all vectors 1. For
example, the Casimirs constitute the annihilator of the Poisson bracket on the space of functions.
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Theorem 9.6. The trajectories of the Hamiltonian system on the level surface M, are
characteristics of the form w on M,.

Proof. We introduce the canonical coordinates x . X", P1,---, Pn in a neighbor-
hood of the point x. The condition that 1 is a tangent vector to M, at x takes the
form

; 0H (x) i1n 0H(X) _

: 0
ox! 1 ap;

dH(n) =1

(here we mean summation over /), and a vector £ lies in the annihilator A, if and only
if

w(E ) =[dpi AdX"](En) = '€ 4 4 " E — g HIE - ' =0

for all n € Tx M.. Comparing these two formulas, we see that the vector

belongs to A,. The theorem is proven. O

Now, consider the 1-form « given by the condition
doe =w on M.,

and the variational problem for the functional

S(y):/yoz

on the spaces of curves satisfying some additional conditions.

Perhaps, the form « is not defined globally. This case is typical, for example, when
M is a closed symplectic manifold. We arrive again at the multivalued functional S
(see §9.2) for which, as we will see below, the equations for extremals are written down
globally.

We consider the following two spaces of curves on M,:

(1) the space of closed curves;

(2) the space of curves joining two submanifolds V; and V5 such that the restrictions
of o to V7 and V, are zero.

Theorem 9.7. The extremal functions of the functional S = f d~'w on each of the
above spaces T of curves are precisely the characteristics of the form w lying in I

Proof. Let y be an extremal of S. If the tangent vector y at x € y does not belong to
the annihilator Ay, then there is a vector € T, M, such that w(y, ) # 0. Changing,
if necessary, the direction of 1, we can assume that w(y, ) > 0 and extend 7 to a small
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part of the curve near x so that the inequality holds on this part and n = 0 outside it.
By the Stokes theorem, local variation of the curve y — y + en leads to variation of
the functional

S() = S() + ¢ / 0.1 + 0(?) 9.22)

which is nonzero for small ¢, which contradicts the condition that the curve y is ex-
tremal. Consequently, y is a characteristic.

It follows from (9.22) that the converse is also true: if y is a characteristic, then
8S = 0. The theorem is proven. O

Corollary 9.6. The closed trajectories of a Hamiltonian system on a level surface
M, = {H = c} are precisely the closed characteristics of the form w on M,.

We now give another corollary. Let M be R?” or, in general, the cotangent bundle
T*X" to an n-dimensional manifold X with canonical coordinates x' and pr. The
form o = d ' w is defined globally:

d o = pidx'.

Corollary 9.7. The trajectories of a Hamiltonian system on T* X" lying on the level
surface M, = {H = c} are extremals of the functional

S :/pidxi

(here we naturally assume summation over i) on the space of curves lying in M, and
Jjoining the spaces x = x¢ and x = X1.

On the whole symplectic manifold the variational principle has the more habitual
form and we leave its proof as an exercise (all necessary ideas and constructions are
already exposed above):

Theorem 9.8 (Hamilton’s variational principle). The trajectories of a Hamiltonian
system on a symplectic manifold M are extremal functions of the functional

S = /(d_lw — Hdt),

where H is the Hamiltonian.

Moreover, formally, this is the form of Corollary 9.7 for systems with the Hamil-
tonian depending on time. In this case we obtain the usual Hamilton equations

af

7 = VH
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where f is an arbitrary function on the manifold M, but now the Hamiltonian depends
explicitly on time:
dE  0H
dt ot

To reduce this nonautonomous system to the autonomous form, we use the standard
method, making the time one of the variables. We have to consider the new symplectic
manifold, the extended phase space M x R?, with the symplectic form

H = H(x,p.1),

wo=w +dt NdE,

where “time” t and “energy” E are coordinates on R2. Now, replacing the Hamiltonian
H(x, p,t) with
H(x,p,t,E)=H(x,p,t)—E,

we obtain the Hamiltonian system

. ) 0 .
fetpHy, E={EH) =S = H =1,

whose restriction to the level surface {I:\I = 0} coincides with the initial system:
We make one small remark: the form o« = d "' on the (2n — 1)-dimensional level
surface M, (if defined globally) satisfies the inequality

an(da)" 1 #£0

everywhere. Manifolds of dimension 2n — 1 with such 1-form are called contact
manifolds and the form itself is called the contact form. We have the following analog
of Darboux’s theorem which is proven by means of the indicated theorem:

* in a neighborhood of every point of a contact manifold, there exist local coordi-
nates x', ..., x"71, Pis---, Pn—1,t such that the contact form takes the shape
o = pidx' —dt

in this neighborhood.

9.6 Reduction of the order of the system
1 First integrals and reduction of the order of dynamical systems. Let
X =v(x)

be a dynamical system (flow) on an n-dimensional manifold M.
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Recall that in local coordinates x!,..., x" this is simply a system of ordinary
differential equations:

X=vi(xt L x"), i=1,....n.

These expressions agree on the intersections of charts with different coordinates. This
means that v(x) is a vector field on M.
If we know a nontrivial function F which is conserved along the trajectories of the

system:

dF ; OF

dt — oxi
(i.e., a first integral of the flow), then we can reduce the order of this system by 1 in
domains where grad F' # 0. To this end, consider the level surfaces M, = {F = c}.
By the implicit function theorem, if grad F(x) # 0 at a point x € M., then the level
surface M, is an (n — 1)-dimensional submanifold in a neighborhood of x with some
local coordinates y!,...,y"~!. Since the trajectories of the system starting at the
points of M, remain in M., the field v is tangent to M, everywhere and the system
restricted to M, takes the form

yi=w(yL...y"h, i=1,....n—1.

Here w is the restriction of the field v to M. Asaresult of this procedure we simplify the
system, reducing the number of variables, the order of the system, by 1 (see Figure 9.1).

/

M,

S

Figure 9.1. The invariant submanifold M.

Assume that we know a greater number of first integrals F7y, ..., Fy and these inte-
grals are ( functionally) independent at some point xg; i.e., the system of the covectors
grad Fy, ..., grad Fy is linearly independent. Then, taking the restriction of the flow
to the common level surface

Ceproer =1F1 =c1 = Fi(xo),..., Fx = cx = Fr(xo)},

we reduce the order of the system by k. Moreover, if k = n — 1 and v(xg) # 0, then
this level surface is one-dimensional and therefore is a trajectory of the flow. Thus, we
obtain a (local) solution to the equation X = v(x) with the initial data x (0) = x,.
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2 Reduction of the order of a Hamiltonian system. For Hamiltonian systems on a
symplectic manifold, the presence of one additional integral allows one to reduce the
order of the system by 2. We describe this procedure which was implicitly used already
in the proof of Darboux’s theorem (§9.4).

Let H be the Hamiltonian of the system and let f* be an extra first integral. In view
of Hamilton’s equations, f = {f, H} = 0. Assume that grad / # 0 at a point x¢ and
f(x0) = c. The Hamiltonian system can be restricted to the level surface

Le={f=ch

moreover, on this level surface the initial flow and the flow X = vy (the Hamiltonian
system generated by the Hamiltonian f) commute. This follows from the identity
[vr,va] = —vgsny (see Lemma 9.2). Now, take one more integral of motion to be
the function g, the time variable on the trajectories of the flow X = vy (its correct
construction was given in the proof of Darboux’s theorem).

Suppose for simplicity that {g, H} = 0. Then we restrict the Hamiltonian system
to the common level surface

FC,O = {f =c 8= 0}7

reducing its order by 2.

The above procedure is local. It can be made globally under two assumptions:

(1) the level surface I'. = { f = c} is a submanifold;

(2) all trajectories of the flow X = vy are closed and have the same period 7. In
this case we can suppose that the translations ¢, : I'- — I'. along the trajectory for
time ¢ determine the action of the group S! = R/ TZ.

In this case the initial Hamiltonian system can be restricted to the symplectic mani-
fold

[eo=T./S".

The construction of the symplectic structure on this manifold is similar to that in the
proof of Darboux’s theorem: at each point, it is obtained by taking the restriction of
the initial form to the orthogonal (with respect to this form) complement to the space
generated by the coordinates f and g, where { f, g} = 1 (in the proof of Darboux’s
theorem we had the coordinates x! and p;, where {x!, p;} = I).

In the general case when {g, H} # 0 we still can reduce the order of the system
by 2, passing to the quotient space I'; by the action of translations along the integral
curves of the field vy. Before giving an explanation of this procedure, we define the
notion of quotient space and introduce a smooth structure on it.

3 Smooth structure on the quotient space. We should explain what is meant by the
expression
M=X/G
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(for example, I'c o = I'c/S!). This is the quotient space of the space X by the action
of the group G. Its points are sets of the form Gx = {gx | g € G}, i.e., the orbits
of the action. We can always introduce the canonical topology on this quotient space:
aset U € X/G is open if and only if its inverse image 7! (U) C X is open. Here
m: X — X/G is the projection which relates to a point x its orbit G x.

If the action, i.e., the map X x G — X of the form (x, g) — gx, is smooth, the
group G is compact, and the action of the group is free (it means that the equality
gx = x holds only for g = 1), then we can introduce the structure of a smooth
manifold on the quotient space. This is done as follows.

A small neighborhood U of an arbitrary point xo € X splits into orbits of the action
of the group G. Consider a submanifold Z in U such that, at each point z, the tangent
space of X splits into the direct sum

T.X = T,(Gz) + T, Z

of the tangent space of the orbit G z of the group G and the tangent space of Z. Then we
can introduce the local coordinates yl, R T AT zk=minU , where y are local
coordinates in a neighborhood V' of the identity of the group G and z are coordinates
on Z (see Figure 9.2).

Gz

Figure 9.2. The quotient space X/G.

Every point x € U can be uniquely represented in the form x = gz, where g € V
and z € Z. Moreover, suppose that the neighborhood U is so small that the equality
g1Z1 = 8272, where g1,g> € G and z1,z5 € Z, implies that gy = g, and z; = z;.
(For existence of such unique decomposition, it is necessary that G be compact and
consequently its orbit be submanifolds.) Now, relate to the point x the coordinates of the
points ¢ = (y!,...,y™)and z = (z',...,z¥=™). The coordinates (z!,...,zKk=™)
determine coordinates on the quotient space X /G. In this event, the tangent vectors to
Z are tangent vectors to X /G. If the submanifold Z is chosen in a different way, then
we obtain other coordinates in a neighborhood of Gx € X /G and other representatives
of the tangent vectors to X/G. The details can be found in [4].
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4 The Poisson action of a group and symplectic reduction. We say that functions
F and G on a Poisson manifold are in involution if their Poisson bracket is zero:

{F,G} = 0.

Suppose that we have m functions Fj, ..., F, on a symplectic manifold which are
not necessarily in pairwise involution. This means that they generate a noncommutative
Lie algebra g with respect to the Poisson bracket. We consider the case when they
determine a linearly independent basis for this algebra g:

{Fi, Fj} = —cf; F.

These functions considered as the Hamiltonian determine » Hamiltonian flows with the
vector fields vy = vy, ..., vy = vy, which do not commute but satisfy the relation

k
[vi, vj] = ¢k
(see Lemma 9.2). Translations along these flows generate the action of some connected

Lie group G on M with the following properties:

(1) the algebra g is the Lie algebra of the group G and its elements a € g are
identified with the vector fields a1v1 + -+ + amVm.

Moreover, since translation along each flow preserves the symplectic form and each
element of G is the composition of such translations, we have

(2) G acts on M by the canonical transformations (or simplectomorphisms, i.e.,
diffeomorphisms ¢ : M — M preserving the form w: ¢*w = w):

MiM, gfo=w, geaG.

We arrive at the following important notion: the action of the group G on a sym-
plectic manifold is called a Poisson action if it satisfies condition (2).

This definition is more general than the case under consideration: it does not assume
that, for each element a € g, the one-parameter subgroup e’ is a group of translations
along the trajectories of the Hamiltonian flow; it is sufficient that the vector field
v(x) = %e‘”(x) is locally Hamiltonian.

In our situation with the Poisson action we associate the moment map:

M: M — g*,
which relates to each point x € M the following linear function on the Lie algebra g:
[M(0)](@) = a1 F1(x) + -+ amFm(x), a=aivi + -+ amvm € g.

Lemma 9.5. The equality
M(gx) = Ad:, (M(x)) (9.23)

holds forall g € G,x € M; i.e., the moment map is equivariant under the coadjoint
representation of the group G.
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Proof. Tt suffices to consider the case of a one-parameter subgroup g = ¢%*, b € g.
By definition,

[M(e? X)](@) = a1 Fi(e®"x) + - + am F(e" x).

Differentiate both sides of the equality with respect to :

%{M(e’”x)](a) = ar{Fi, Fp}(e?"x) + -+ am{Fm, Fp}(® x)
= {Fa, Fp}(e"' x) = —Flapy(e” x) = Fogx(a) ("),

where F, = a1F1 + -+ + amF,, and F, = b1F; + --- + by, F,,. We have thus
shown that the derivatives of the left- and right-hand sides of (9.23) coincide for all ¢.
Hence, observing that the identity is obviously valid at + = 0, we immediately obtain
the assertion of the lemma. O

Denote the inverse image of the moment map at T € g* by
M7 (1) = M,.

Corollary 9.8. (1) My is invariant under the action of the group G.
(2) If the group G is commutative then, for every T € g%, the set M is invariant
under the action of the group G.

Theorem 9.9. Suppose that My is a smooth submanifold in M and a group G is
compact and acts freely on My. Then the quotient space Mg = Mo/ G carries the
natural symplectic structure.

Proof. Introducing a smooth structure on the quotient space, we introduce coordinates

U zkm k= dim M —m = dim My, as coordinates on some patch, a subman-

ifold Z. Define the antisymmetric product on the tangent space of Z by the usual
formula

o'(E.n) = w(&, n), (9.24)

where w is the symplectic form on the initial manifold M and
EneT.ZCT;MyCT;M.

It would be natural to define the symplectic structure on M4 this way, especially as
the form ' is closed as the restriction of the closed form w to the submanifold Z. But
we should justify this definition, by proving that it is independent of

(1) the choice of coordinates on M .q;
(2) the choice of the point x on the orbit.

Also, we should demonstrate that



186 Chapter 9. Elements of Poisson and symplectic geometry

(3) the form @’ is nondegenerate.

We now prove these three assertions. First of all we give some auxiliary assertion:

Lemma 9.6. The spaces Ty My and T (G x) are orthogonal complements of each other
in Tx M with respect to the form .

Proof. Since the group G acts by Hamiltonian transformations, the tangent vector 7, to
the orbit has the form v for some function of the form f = a1 Fi + -+ + am F:

_
m - axk
‘We have
- d .0
w.m =y =gt =gk g g
ox!

i.e., w(&, n) is the derivative of the functlon f in the d1rect10n of &. Therefore, £ lies
in the orthogonal complement to 7 (G x) if and only if dg.M = 0, but this condition
determines the tangent space of M. We have thus demonstrated that

(Te(Gx))* = T Mo.
It is easy to check the converse assertion
(T Mo)* = Te(Gx).
The lemma is proven. O

We turn to proving correctness of the definition of the symplectic structure on M,4:

(1) Actually, the change of coordinates consists in either changing coordinates on
Z or changing of Z itself. We only need to consider the second case, since in this case
the tangent vectors in 7'M representing tangent vectors to Mg vary:

E—>E+8E, non+7,

where the vectors £ and 1’ touch the orbits of the group G. By the previous lemma,
the value of the symplectic product (9.24) does not vary upon this change:

wE+E.n+17)=wEn.

(2) Since the action of the group G is Hamiltonian, it preserves the symplectic

product:
w(§.n) = o(g*E g n);

therefore, the definition of form (9.24) is independent of the choice of the point x on
the orbit.

(3) If w(&,n) = 0 for all vectors n € Tx Z, then £ is orthogonal to all vectors in
Tx M, and, by Lemma 9.6, it touches the orbits of the group G, i.e., represents the zero
vector in Ty Mieq.

The theorem is proven. O
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Lett € g* and t # 0. Denote by G, the subgroup in G constituted by all elements
g which do not change t:
Adg(7) = .

Corollary 9.9. Suppose that M. is a submanifold and a group G is compact and acts
freely on M. Then the quotient space

M:/G.
carries the natural symplectic structure.

Proof. Denote by O; the orbit of T € g* under the adjoint representation Ad* of the
group G. Consider the symplectic form @, on O; as on a symplectic leaf of the Lie—
Poisson bracket (see §9.4). The adjoint representation determines the Poisson action
of the group G on O; under which the moment map coincides with the embedding
O, C g*. Consider the symplectic form wys — w; (i.e., the sum of two forms on the
factors) on the direct product M x O,. Then M;/G; = (M x O¢),q. The corollary
is proven. O

Note that all arguments in the proof of the theorem are actually local and therefore
in the general case we can consider a local reduction which simplifies the system in
some domain. Moreover, the situation when the action of G is free and we obtain
the manifold M is rather rare, meanwhile the converse holds: the group G contains
finite subgroups which leave some points fixed. Eventually, under factorization, to
these points there correspond conic singularities in M.q. However, away from these
singularities we obtain a nice symplectic manifold.

If the Hamiltonian H is in involution with the functions Fi, ..., F;,;, then the
corresponding Hamiltonian system reduces to a Hamiltonian system on the 2(n — m)-
dimensional symplectic manifold M,q, the reduced phase space with the symplectic
form weq. Since {H, F;} = 0, the Hamiltonian H is conserved upon translations
along the Hamiltonian flows given by the Hamiltonians Fi, ..., F},; consequently, it
is conserved under the action of G and the projection w: My — Myq = My/G.
Therefore, the initial Hamiltonian system reduces to the system on M4 with the
reduced Hamiltonian Hyeq(x) = H(zw 1 (x)).

Moreover, if a function f is G-invariant, then it descends to the function f(x) =
frea(w(x)) to the quotient space, and the variation of f along the trajectories of the
flow is described by the equations

f = {f’ H} = {fredv Hred}redy

where the Poisson bracket { -, - };eq corresponds to the form weq.

This method of a reduction of a Hamiltonian system (M, H) to the Hamiltonian
system (Myeq, Hreq) is called a symplectic reduction. For concrete examples it was
known for a long time and it has been used in various problems of mechanics. It
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applies when the Hamiltonian system admits a symmetry group and, as in many concrete
examples, the action of this group is Poisson.

Before turning to examples, we make one remark: there exist interesting problems
in which, on the level surface of a first integral F', the gradients of the functions F and
H are not linearly independent everywhere. To the point, where grad F and grad H
are linearly dependent, there corresponds a fixed point (equilibrium) of the reduced
Hamiltonian system, however this point is not an equilibrium state of the initial system.
A trajectory projected into an equilibrium state on M4 is called a relative equilibrium
of the initial system. For example,

* if the Hamiltonian is invariant under the Poisson action of a group G, then the
relative equilibria are exactly the orbits of the one-parameter subgroups of G.

5 Examples

(a) Motion in a central field. Suppose that M = T*R* = R} x R is the cotangent
bundle to R3, x!, x2, and x3 are the Euclidean coordinates in R3, and P1, P2, and p3
are coordinates in the momentum space. Consider the Hamiltonian

P2
H(x,p) = —+U(r),
2m
which describes the motion of a particle of mass m in a central field U(r), r =
Vv (x1)2 + (x2)2 + (x3)2. For example, for U(r) = %, a = const < 0, we ob-
tain Kepler’s problem on the motion of a planet around the Sun (with the other forces
neglected). The Hamiltonian is invariant under the Poisson action of the rotation group
G = SO(3). In this case the Lie algebra g is generated by the components of the
kinetic momentum vector:

F=(F,F,F), F=p=I[xxp]

The level surface M; = {u = t}, v # 0, has dimension 3 and the group G is one-
dimensional. Therefore, the dimension of the reduced phase space equals 2. We now
give explicit formulas.

Executing a change of variables in R?, we can reduce everything to the case T =
(0,0, c). The level surface M, is given by the equations

x>=p3=0, x'pp—x’p;=c.

The group G is the group SO(2) constituted by all rotations around the Ox3-axis.
We introduce the polar coordinates 7 and ¢ in the (x', x?)-plane and the conjugate
variables p, and p, in the momentum space:

x! = r cos @, x? =rsing,
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P1 = prcosg — %sinw, p2 = prsing + %cosrp,
{r.pr} =10, pp} =1,

with the zero Poisson brackets for the other collections of coordinates. In the new
coordinates, the surface M. is given by the equations

x3=p3:0’ p(pZC.

The group G, acts by rotations: ¢ — ¢ + 6, 0 < 6 < 2, and the factorization
M, — M. /G reduces to elimination of the angular variable 6. Eventually, we obtain
the reduced phase space M4 with the coordinates r and p,, the symplectic form
dpy A dr, and the reduced Hamiltonian

1 2 c?
Hred(r’ Pr) = 5 Pr + r_z + U(r)

(b) Kepler’s problem. (U = %, a < 0) has extra first integrals, namely the compo-
nents of the Laplace—Runge-Lenz vector

ox ox
v=[£xu]+—=[£x[xxp]]+—.
m x| Lm | x|

Problem 9.2. (1) Prove that the inner product of the kinetic momentum vector and the
Laplace—Runge-Lenz vector equals zero:

(u,v) =0,

but the components of these vectors at a generic point give five functionally independent
first integrals of the Kepler problem.

(2) Prove that the Poisson brackets of the components of the vectors p and v are
equal to

2F
{is 1y} = eijetie, A vi} = Eijkvie,  {viovi} = —Eijklc,

where £ = H = % + % is the energy of the system. Derive that, at different energy

level surfaces, the algebra of the integrals p; and v; closes and is isomorphic to

(a) the Lie algebra of the group SO(4) for E < 0;
(b) the Lie algebra of the group of motions of the three-dimensional space for £ = 0;
(c) the Lie algebra of the group SO(1, 3) for £ > 0.

In particular, the common level surface © = o = const,v = vy = const is
one-dimensional and is exactly the trajectory of Kepler’s problem.



190 Chapter 9. Elements of Poisson and symplectic geometry

(c) Orbits of the coadjoint representation of Lie groups. Let M = T*G, where
G is a Lie group which acts on itself (and thereby on 7*G) by left translations. This
action is Poisson and the corresponding Hamiltonians are linear in the momentum and
have the form »
Fa(x.p) = plag) = p(%5-|,_,8). ac<g.
where p(v) is the value of a covector (linear function) p at a vector v. The expression
ag stands for the right translation R;a ofavectora € g = T1Gtoapointg = x € G,
and we have
p(Rgza) = R;_, p(a)

(see §9.4). Therefore, the moment map for this action has a very simple form:
M(g) = Rz(p) e g" =T/'G.

The inverse image M ™! (7) of the moment map at a point T € g* is diffeomorphic to
the group G and is constituted by points of the form (g, R;,l 7) € T*G. Consider the
map

L*
M, —>g*: (g.p) > Lyp= LR\t
The image of this map coincides with the orbit of the point t in the coadjoint represen-

tation and the fiber coincides with the orbit of the action of the group G, constituted
by all elements g € G such that

L;R;‘,_lr =Adzt =1

Thus, we obtain the reduced phase space M4 diffeomorphic to the orbit of the point
7 in the coadjoint representation. The constructed symplectic structure is the same as
the one on this orbit as a symplectic leaf of the Lie—Poisson bracket on g* (see §9.4).

9.7 Euler’s equations

On the cotangent bundle to a Lie group G, consider a Hamiltonian system invariant
under the left translations.

For example, assume that a left-invariant metric is given on a Lie group. This means
that the tangent bundle is endowed with a metric such that

(.n) = (Lgé Lyn) forallg e G

and for all vectors £ and 7 tangent to G at the same point. It is obvious that every such
metric is determined by the inner product at the identity 1 € G. In this case the inner
product of tangent vectors at an arbitrary point g € G is defined as

(E’ 7’) = (szlé:v LZ*I 77)
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The geodesic flow is invariant under the left translations on the Lie group, since such
is its Hamiltonian.

The left-invariant Hamiltonian flow reduces to the orbits of the coadjoint action of
G on g* (see Example (c) in §9.6). Since these orbits are symplectic leaves (see §9.4),
Hamilton’s equations take the form

X ={x,H},

where the right-hand side is the Lie—Poisson bracket of x € g* and the reduced
Hamiltonian H = H,4 of the geodesic flow. For the geodesic flow of the left-invariant
metric generated by the metric g;x on g, we have

1 .
H(x) = Eg’kxl-xk.

In coordinates, Hamilton’s equations take the form

. O0H 4 0H
Xi = W{xl’xj} = Cij¥kg 7

Consider x as a linear functional on g:
oH .
. _ .k
x(§) = Cijkasl
- 0H
= i (et ) = x([6.rad H) = —x(adgna 11 §) = — 2y 5 (0)6).

where grad H € g is the gradient of the function H on g*. We have obtained another
form of Hamilton’s equations:

X = —ady, g (x). (9.25)

Since in the case of the left-invariant metric on the group G = SO(3) we obtain Euler’s
equations of motion of a rigid body around a fixed point, the general equation (9.25)
with the quadratic Hamiltonian H is called Euler’s equation on g*.'°

Suppose that a nondegenerate inner product is given on a Lie algebra and this
product is invariant under the adjoint representation. As usual, the nondegeneracy of

the product allows us to identify g and its dual space g* by the rule

x(€) = (x.8).

The invariance under Ad, implies the identity

([z,x],y) + (x,][z,y]) =0 forallx,y,z€ g.

0B a detailed derivation and analysis of Euler’s equations, in particular, for infinite-dimensional Lie
algebras see Supplement 2 to [1].
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Indeed, we have
(Adpzr x,Adezr v) = (x,y), te€R,

and therefore
d
E(Adezt x, Ad,:zr y)|t:0 = (ad; x,y) + (x,ad; y) = ([z, x], y) + (x, [z, y]) = 0.

Now, rewrite Euler’s equation as an equation on the Lie algebra g:

(x.y) = (x.[y, grad H]) = —([grad H, x]. y),

and finally
X =|[x,grad H], xe€g.

Consider important examples when G is the Lie group E(3) constituted by all
(orientation-preserving) motions of the three-dimensional Euclidean space:

x — Ax+b, AeSO@®3), beR.

Problem 9.3. Prove that

(1) the Lie algebra g = e(3) of the group E(3) is generated by the elements M;
and pg, i,k = 1,2,3, where M; is the generator of rotations around the Ox'-axis
and py is the generator of translations along the Ox¥-axis; moreover, the following
commutation relations hold:

[M;, M;] = &;jx My, [M;,p;l=c¢ijkpk. [pi.pjl=0 (9.26)

(the repeated index k implies summation).

(2) the Lie—Poisson bracket on ¢(3)* has two Casimirs:
I =p*=pi+p5+p3. M2= (M p)=ps=Mp+Mp:+ M+ ps.
The level surface
M, =1{I = P2 I, = ps} C e(3)*

is diffeomorphic to the cotangent bundle of the two-dimensional sphere S2. The
symplectic structure is given by the form

w=d& rndq +sf(q'.q¥)dg" ndg® = dE Adq' + sF,

where ¢! and g2 are the coordinates on the sphere, & and £, are the momentum
coordinates, and F is a closed 2-form on S2. Moreover,

/ F =4m.
S2
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Consequently, for s # 0 we obtain the magnetic Poisson bracket on 7*S2.!!
The equations of motion of a heavy rigid body around a fixed point correspond to
the Hamiltonian

H(M.p) =" auMiMi + Y lipe = (AM. M) + 1(p)
ik k

which is quadratic in the variable M and linear in the variable p.

The Kirchhoff equations which describe the motion of a rigid body in an ideal fluid
are Euler’s equations corresponding to the Hamiltonian quadratic in the variables M
and p:

H(M, p) = Y (aixMi My + b Mi prc + cik pi pr)-
ik,k

where a;; = ay; and ¢;; = cg;. Since the Hamiltonian in the Kirchhoff problem has
the meaning of the kinetic energy, it is assumed to be positive definite.

Executing the changes of coordinates in g,

M — Adg M, p— g(p). g€S0O(@),

preserving the form of bracket (9.26), we can reduce the Hamiltonian of the equations
of motion of a rigid body around a fixed point to the form

H(M,p) =) aiM? +_ lkpr.
i

and the Hamiltonian of the Kirchhoff equations to the form

HM.p) =) aiM?+_ (blTk(MiPk + Mipi) + Cikpipk)» Cik = Cki-
i ik

Obviously, it follows from the fact that every positive definite quadratic form in R” can

be reduced to the diagonal form by an orthogonal transformation (in our situation this

is the Gram—Schmidt orthogonalization of the form A(M, M)).

Note that the appearance of the group E(3) in these two problems is of absolutely
different nature.

(a) The Kirchhoff equations are the equations for geodesics of a left-invariant metric
on E(3).

(b) In the case of the equations of motion of a heavy rigid body around a fixed point,
choose an orthonormal coordinate system connected with the body with the origin at a
fixed point. In this coordinate system, v = —M is the kinetic momentum vector, while
p is the unit vector in the direction of the gravitational force.'? In this problem one of
the Casimirs equals 1 by definition, /; = p? = 1, and the other equals I, = ps.

For the proofs of these assertions see Supplement 1 (by S. P. Novikov) to [2], IIL.
12If the coordinate axes are directed along the momentum axes of the body and A4, B, and C are the
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9.8 Integrable Hamiltonian systems

The modern definition of the integrability of finite-dimensional systems is based on the
following result known as the Liouville theorem on integrable systems.

Theorem 9.10. Let M be a symplectic manifold of dimension 2n on which a Hamil-
tonian system with a Hamiltonian H is given. Suppose that we have n first integrals
Ii,...,Iy—1,1, = H of this system which are in involution, {I;, I} = 0, j, k =

1,...,n, and functionally independent almost everywhere. Denote by M: M — R"
the moment map: M(x) = (I1(x),..., I,(x)).
Let X be a component of the set M~'(t) such that Iy, ..., 1, are functionally

independent on X and X is compact.
Then X is diffeomorphic to the n-dimensional torus T" and has a neighborhood
U such that

1s diffeomorphnic to tne direct product of tne n-aimensional open va an
(1) U is diffeomorphic to the direct product of the n-dimensional open ball D" and

Tn .

(2) the action—angle coordinates sy, . ..,S, and @y, ..., @, are givenin U; moreover,
the level surfaces s = (s1, ..., Sp,) = const are invariant tori of the Hamiltonian
system and the angular coordinates @1, ..., @, are coordinates on these tori

defined modulo 21 ; furthermore, the symplectic form takes the form

w = stk A dog;
X

(3) in the action—angle coordinates, the Hamiltonian system takes the form

5 =0, ¢ =vVr(s1,....8.)., Jj.k=1...,n.

We now make some remarks:

(1) By the words “almost everywhere” (“at a point of generic position”, “at a generic
point”) we mean usually “on a set of full measure”; i.e., the set on which the condition
is violated has measure zero with respect to some measure dy which in a neighborhood

corresponding momenta of inertia, then making the substitution

M = (—Ap,—Bq,—Cr), p=v,v"),
111
A’B’C

(a1,az2,a3) = ( ) I(p) = —mg (xoy + Yoy’ + zoy”)

in the equation

M={M,H}, p={p H}
we obtain the equations of motion in terms typical for a monograph on analytic mechanics. Here w =
(p,q,r) is the angular velocity vector, m is the mass of the body, g is the free fall acceleration, Q =
(x0, Yo, zo) are the coordinates of the center of mass of the body. For Q = 0 the equations M = {M,H}
coincide with the usual Euler equations (see §9.3), since the gravitational force is not taken into account in
the Hamiltonian.
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of every point takes the form du = p(x)dx! A -+ A dx?" where p(x) is a positive
continuous function. Under the conditions of the theorem, on the common level surface
{I =c1,...,1I, = cu}, the functions Iy, ..., I, are functionally independent and the
surface itself is a submanifold (by the implicit function theorem).

(2) The Hamiltonian system is (Liouville) integrable (or completely integrable) if
it satisfies the conditions of the theorem. In classical mechanics of the 19th century
one usually considered the case of analytically integrable systems in which the first
integrals I, ..., I, are real-analytic functions.

(3) The theorem is ineffective without the procedure of construction of the action-
angle coordinates which is available, but will be only briefly mentioned in the proof.
With this procedure we can explicitly solve Hamilton’s equations in a neighborhood U
of the torus X: on each invariant torus, it reduces to a linear equation with constant
coefficients and the motion over the torus is conditionally periodic:

9(1) = ¢0) + ¥ (s)r.
Proof. (1) First of all prove we the following assertion:

Lemma 9.7. X is diffeomorphic to the n-dimensional torus.

Proof of the lemma. The Hamiltonian flows vi = vy,,...,v, = vy, touch the level
surface X, since all values of the integrals I, ..., I, are conserved upon translation
along these flows. Moreover,

i, o] = —vgr; =0, jok=1,....m;

consequently, these flows commute. Since the manifold X is compact, every ordinary
differential equation of the form x = v;(x),i = 1,...,n, has a global solution, i.e., a
solution for all values of ¢.

The translations along the trajectories of these flows generate the action of the group
R"™ on X which relates to each point x € X its translation ¢; (x) for a unit time along
the trajectory of the flow tyv; + - -+ + t,v,, ¢ € R™. For small ¢ this map has the form

X —=>Xx+Hv +"'+tnvn+0(|[|2);

therefore, the Jacobian of the map t — ¢;(x) at¢ = 0 is nonzero for each point x € X.
Consequently, by the inverse function theorem, for |¢| < &(x) the map ¢t — ¢;(x) is a
diffeomorphism of the open ball |¢| < e(x) onto its image.

If x and y lie in X, then join them by a curve y and for each point z of the curve
take a neighborhood which is covered diffeomorphically under the map ¢t — ¢,(z).
The intersections of these neighborhoods with y constitute an open covering of y from
which we can choose a finite subcovering Uy, ..., Ug,x € Uy, y € Uy, UiNU; 41 # 0,
i=1,...,n—1.Putxg = x and y = x; and choose points x; € U; N U;+;. We see
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thatx; 1 = ¢ (x;)) atsomet;,i = 1,...,k—1. Consequently, y = @7, _, ... ¢z (x).
Since the points x, y € X were chosen arbitrary, we conclude that

{p;(x) |t € R"} = X forevery point x € X;
i.e., X is the homogeneous space of the group R":
X =R"/T.

Since the map ¢ — ¢;(x) is a diffeomorphism for small ¢, for nonzero vectors y in I',
the value |y| is bounded from below and we take e; to be the vector in " with the least
norm. Take e; to be the vector in I" lying at the least nonzero distance to the straight
line Re; and continue this process, taking at each step the vector e; to be the vector
in I' lying at the least distance to the subspace Re; + --- + Re;—;. Eventually, we
construct a basis ey, . .., e, for the group I' = Z”". Therefore,

X =R"/72"=T".
The lemma is proven. O

(2) Prove that some small neighborhood U of the torus X foliates into invariant tori
over the n-dimensional disk.

Since the covectors grad /1, ..., grad I;, are linearly independent at each point
x € X, by the implicit function theorem, there is a neighborhood U, diffeomorphic to
the direct product Vy x D, with coordinates (y, z) such that y are local coordinates
on X and M(y,z) = z. Cover X with the neighborhoods Vy and choose a finite
subcovering Vy,,..., Vy,. Let D = N; Dy; C R". The union U = U; Vy; x D, where
Vi, X D C Vy, x Dy, = Uy, is the sought neighborhood whose closure is com-
pact and therefore each component of M~!(a), @ € D, is compact and consequently
homeomorphic to the torus.

We obtain a natural diffeomorphism of U = X x D under which the moment map
is the projection to the second factor.

(3) Construct the action—angle coordinates. We introduce the angular variables

@1, ..., Py on the invariant tori in U defined modulo 27 and take the values of the first
integrals I, ..., I, to be the coordinates in D.
As in the proof of Darboux’s theorem, we can take the coordinates on the torus to
be the times of translations along the trajectories of the Hamiltonian flows vy, ..., v,.
Denote these times by 71, ..., ;. Obviously, we obtain
{5, Iy = 6jk. Uy, Iy = {1, 1} = 0. (9.27)

On each torus, the angular variables ¢ are obtained from the time variables ¢ by a linear
change depending on the torus. Therefore, it follows from (9.27) that in the variables
I and ¢ the symplectic form has the shape

=Y ajp.@)dly Ndlx + Y by(Idl; Adgy. (9.28)

Jj<k Jk
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In particular, the restrictions of  to the invariant tori are zero and in the neighborhood
U we have a 1-form o such that
da = w.

This assertion follows from the following topological reasons: the restriction of w to
U realizes the zero cohomology class and the exterior derivative d on w is invertible:
we do not prove this, referring the reader to [4]. For M = T*N take o = p;dx’
(in this form the derivation of formulas for the action—angle variables often appears in
physical literature). Now, put

1
sk=—/ o, k=1,...,n.
27 Jy,

Here yy is the contour on the torus traversed as ¢ varies from 0 to 27 (the other
variables ¢; do not vary). For the cotangent bundle we obtain the following classical
formula from physics literature:
1
Sp = — pdx, k=1,...,n.
21 Jy,

Show that the functions s;, k = 1,...,n, are independent of ¢. Take another
contour y’ which together with y; bounds a surface S on the torus. Then, using the
Stokes theorem, we obtain

/a—/az/az/daz/sz.
Yk v/ N S S

It follows from (9.28) that
= (/ ijk(l)dlk)dq)k + Y fidI; + dfo.
k J k

Only the first summand has nonzero contribution in the integral over y; and we obtain

08k

— =bjx(I1,..., I).
81_/ ]k(l n)

dse =Y bjxdl;,
J
Since the form w is nondegenerate, the matrix b ik is invertible and, by the inverse
function theorem, there is a change of coordinates
I,.... I, > s1,...,8,, s=s()

(here we might need to replace U with a smaller domain which still foliates into
invariant tori). We obtain

w = Z&jkdsj Adsp + Zl;jkdsj Adoeg.

J<k Jsk
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But in the new coordinates we have

a=) (Z[;jkdsj)d‘/’k + ) gjds; +dgo
j j

k

and obtain the relation .
dse =Y bjrdse,
J

which implies thatlsjk = §j. Since the formw = Zj<k Ajrds;ndsg+) y dsg Ad oy
is closed, the coefficients i are independent of the angular variables and the form

> i<k jkds; A dsy is closed, too:
> ajds; Ads = d(th(s)d(pk).
j<k k

The change of the angular variables ¢ — @ + hy (1) reduces the symplectic form to
the sought shape

w = stk Adoy.

k
In these coordinates the Hamiltonian function is H = H(sy, ..., S,) and Hamilton’s
equations take the form
. . oH .
$i={s;j,H} =0, ¢r={er.H} = E = Yr(S1,...,8.), Jj.k=1,...,n.
The theorem is proven. O

There are two natural generalizations of the Liouville integrability:

(1) Integrability on an energy level surface or, in general, on acommon level surface
of first integrals {/; = --- = [ = 0}.

Indeed, for many systems only some special energy levels are filled with tori with
conditionally periodic motions. In this case we say that the system is integrable on
a level surface N = {I; = c1,..., Iy = ci} if functions Iy, ..., I, (including the
Hamiltonian H) are defined in a neighborhood of this level surface and the following
conditions are satisfied:

(1) the functions /Iy, ..., I are functionally independent almost everywhere on N
and their Hamiltonian flows touch the level surface N;

(2) the Hamiltonian flows with the Hamiltonians 7y, ..., I, commute on N.
Then

* the moment map is defined on N :

M:N = R"7% Mx) = (Tep1(x). ..., Li(x)).
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If X is a compact component of the set M~ (t) and I, ..., I, are functionally
independent on X, then X is diffeomorphic to the torus and some neighborhood of
X in N foliates into invariant tori on which the Hamiltonian flow is conditionally
periodic.

Actually, the proofs of these assertions repeat that of Theorem 9.10.

Note also that integrability is possible in the more general case when the function
[ is not a first integral, but some level surface {/ = c} is preserved by the Hamiltonian
flow and the flow is integrable on it. Such cases appear in rigid body dynamics.

(2) Integrability by means of noncommuting integrals.

Let + be an algebra of first integrals linearly generated by functions Iy, ..., I, 4.
Suppose that these functions are functionally independent almost everywhere. Suppose
that these integrals do not commute everywhere: the identities {/;, I} = 0 need not
hold everywhere. Suppose that 4 contains a commutative subalgebra B, H € B, and

dimA +dim B =dim M = 2n.

Then

* the common level surfaces

Ne={li=c1,....Inyvk = Cntk}

are (n — k)-dimensional tori on which the Hamiltonian flows corresponding to
the functions in B determine conditionally periodic motions.

The proof of this assertion is similar to that of Theorem 9.10 which corresponds to
the limit case A = B.

This method for integration can be generalized to the case when the subalgebra
B depends on the level surface, i.e., B = B, C 4, and the Hamiltonian flows
corresponding to the functions in B, commute on N,. In this case the surfaces N, are
again tori with conditionally periodic motions.

Examples of integrable systems

1 Geodesic flow on a surface of revolution. Let X be the surface in R? obtained by
revolution of the graph of a function f(x) around the Ox-axis (see Problem 2.2). It is
given by the parametric equations

x=u, y= f(u)cosv, z= f(u)sinv,
and the metric takes the form

ds* = (1 + f)du* + f2dv>.
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The geodesic flow on T* X has the Hamiltonian

1
T+ /7

FP%-

pat

Since dim 7*X = 4, for the Liouville integrability it suffices to find one more first
integral which is functionally independent of H almost everywhere. By the Clairaut
theorem (see Problem 2.13), the sought integral has the form

1= f(u)cosy,

where 1 is the angle between the geodesic and the parallel. This fact is a consequence
of the momentum conservation law (Lemma 9.4): the metric and hence the Lagrangian
of the geodesic flow do not depend explicitly on v and therefore the corresponding
momentum p, = I +/H is preserved.

Problem 9.4. Prove that the geodesics on a surface of revolution are given by the

formula
R du
(2=

where c is the value of the integral / on the geodesic: I = c.

viu)= [ c

2 Liouville metrics on the two-dimensional torus. Suppose that a metric
ds® = (f(u) + g())(du® + dv?)

is given on a surface with coordinates u and v (this metric is called a Liouville metric).
Since the surface is two-dimensional, to integrate the geodesic flow, it suffices to find

2 2
one more first integral (besides the Hamiltonian H = %). It is easy to verify that
the following function is a first integral:

;_8pi—Ip
f+e

Problem 9.5. Prove that for a Liouville metric the geodesic equation has the form

du _i\/f(u)—i-c

v ) —c
where c is the value of the integral / on the geodesic: I = c.

If the variables u and v are defined modulo Z, f(u + 1) = f(u),and g(v + 1) =
g(v) then we obtain a Liouville metric on the two-dimensional torus R?/Z2.
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3 Euler’s equations of motion of a rigid body around a fixed point. These are the
equations
x ={x,H}

on the dual space of the Lie algebra of the group SO(3) (see §9.3). This dynamics
reduces into symplectic leaves, two-dimensional spheres |x| = const. To integrate the
Hamiltonian system on a two-dimensional manifold, it suffices to know one integral
which is already given, the Hamiltonian

1 (x* x2 x2
HoL(X % XY
2(A+B+C)

LetA > B > C. Thenthelevel surface { H = % > 0} foliates into the intersections
of the surface with the spheres {|x| = wu}. Moreover, for the restriction of Euler’s
equations to the level surface of the Hamiltonian we have the following picture (see

Figure 9.3):

Figure 9.3. The integral curves of Euler’s equations (H = %)

¢ AC = pn < A4
« the stationary points of the Euler equations are (£+/A4,0,0), (0, £+/AB,0),
and (0,0, + VAC ), and they correspond to rotations of the body around the axes
of inertia (in this case u = AA, AB, AC, respectively);
* the intersection of the sphere {|x| = u} and the level surface { H = %} is
(a) homeomorphic to the circles for u # AA,AB, AC,
(b) consists of a pair of stationary points for u = A4, AC,
(c) consists of a pair of stationary points and a pair of separatrices joining these
points for u = AB.

From this picture we easily see that the rotations around the axes of inertia corre-
sponding to the maximal and minimal moments of inertia (4 and C) are stable, while
the rotation around the axis corresponding to the moment of inertia B is unstable.
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4 Integrable cases in rigid body dynamics. Since the equations of motion of a
heavy rigid body around a fixed point and the Kirchhoff equations are Hamiltonian
with respect to the Lie—Poisson bracket on e(3)*, they reduce onto the common level
surfaces of two Casimirs of the algebra e(3):

11=P2=pf+p§+p§, Izzps:M1p1+M2p2+M3p3.

These surfaces (for p # 0) are diffeomorphic to the cotangent bundle of the two-
dimensional sphere S? and the symplectic form is

w=wy+ sF,

where wy is the canonical symplectic form on the cotangent bundle and F is a closed
2-form on S? (“the magnetic field”) (see §9.7). We have already one first integral on
this four-dimensional symplectic manifold, the Hamiltonian. Therefore, to integrate
the equations, it suffices to know one more independent first integral. It turns out
that such integral exists only for very special values of the parameters entering in the
Hamiltonian.

There are three famous integrable cases.

(a) The Euler—Poinsot case:
Xo=Y0=120=0,1ie,l(p)=0

(the body is fixed at the center of mass). In this case H = H (M) and the dynamics of
the vector M is described by the usual Euler equations on the algebra SO(3). Obviously,
the following casimir of this algebra is a first integral:

I =M+ M3+ M3,
(b) The Lagrange—Poisson case:
A= B, X0 = Yo = 0

(the body is axially symmetric and the fixed point lies on the axis of symmetry). In
this case the Hamiltonian is invariant under revolutions around the axis of symmetry.
This action is Poisson and has an obvious linear integral which generates this action,
namely the momentum with respect to the axis of symmetry:

I = Ms.
(c) The Kovalevskaya case:
A=B=2C, yy=2z9=0.
The extra integral has the form

I = (a2M12 + 02M22 — 2(111])1)2 + (2(12M1M2 — 2a11p2)2,
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where 2a; = 2a, = a3 = a or, with the notation accepted in analytic mechanics,

mgx
I= (> +q*+cy)’ +Q2pg+cy)? c= %
The last case was found by Kovalevskaya while proving the following theorem:

* the three cases indicated above constitute all (general) integrable cases of the
equations of motion of a heavy rigid body around a fixed point such that the
solutions are unique meromorphic functions of time as a complex parameter.

Here we say that an integrable case is called general when the problem is integrable
everywhere (for all values of the initial data).

Other general integrable cases for this problem are unknown, but there are interest-
ing particular cases of integrability. For example,

(d) the Goryachev—Chaplygin case:
A=B=4C, Yo = Zo-

The problem has the following extra first integral on the zero level surface I, = ps
(i.e., for s = 0):

I = a*M3(M} + M3) +11p3s = Cr(p* + ¢*) + mgxoy”,

wherea =a; =a, = A L.

(e) The Hess case:

yo=0, xov/A(B—C)+2z9y/C(A— B) =0.

The function
I =11M; + LMy =mg(Axep + Czor)

is not conserved by the motion: I # 0 almost everywhere. However, for I = 0 we
obtain / = 0. Thus, the problem is integrable on the level surface {/ = 0} on which
the function [ is a first integral.

There are also three known general integrable cases for the Kirchhoff equations:
the Kirchhoff, Clebsch, and Steklov cases. No analog of the Kovalevskaya theorem
has been established for these equations.
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function, 12, 53

manifold, 52

map, 53, 57
Space of a representation, 135
Spacetime, 95
Special linear group SL(n), 119
Special orthogonal group

SO(n), 119
Special unitary group SU(n), 123

Sphere, 12, 52

with handles, 42
Spherical coordinates, 37
Spinor representation, 149
Structure constants, 126
Structure group of a bundle, 73
Subcovering, 50
Submanifold, 12, 55
Subspace topology, 49
Symmetric connection, 30, 75
Symplectic

form, 161, 162

leaf, 174, 175

manifold, 161, 162

reduction, 187

Tangent
bundle, 31, 61
space, 12, 54
vector, 54
Tensor, 59
field, 60
product, 60
Topological
manifold, 51
space, 49
Topology, 49
Torsion of a curve, 9
Torsion tensor, 72
Torus, 57
Total space of a bundle, 73
Transitive action, 92
Twisted
Poisson bracket, 168
symplectic form, 168

Unimodular group SL(n), 119
Unitary
group U(n), 121
representation, 135
transformation, 122

Variation, 33
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Variation field, 33 Volume form, 62

Variational derivative, 164

Vector Wedge product, 62
bundle, 73 Weingarten equations, 24
field, 28, 73

Vector field, 60 Zero curvature equations, 79
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